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(. . . when we learn the) “intercomnaunion 
and connection'' (of studies and consider) '‘their 
mutual affinities, then, I think, and not till then, 
will the pursuit of them have a value." 

Plato, 427-347 b.c. 


"Owing to the possession of la})oratori(\s, mod¬ 
ern science now bears a new character, quite un¬ 
known not only to antiquity, but even to the 
preceding century. 

"Willingly or not, in science, we all must submit 
not to what stiorris attractive to us from one point 
of view or another, but to what represents an 
agreement between theory and experiment, in 
other words, to demonstrated generalizations and 
to the approved experiment." 

Dmitri Mendeleeff, 1889 


"Science is essentially a collective endeavor that 
owes its progress to the efforts of a multitude of 
workers in all periods and of all nationalities, who 
by common agreement are associated in the search 
for truth and its application to the improvement 
of the conditions of man." 

Pierre Berthelot, 1902 




Preface 


In this volume are brought together important contributions 
made by the several branches of science to our knowledge of the 
physical world. Emphasis has been placed on general concepts 
and fundamental principles, and upon methods of reasoning and 
the scientific method of working. This is in an endeavor to supply 
the reader with the background necessary for an appreciation of 
the work of the scientist and an understanding of the workings of 
the universe around him. Matter is here viewed through the eyes 
of the astronomer, chemist, geologist, mathematician, and physi¬ 
cist; and their impressions are fused into a composite picture 
which represents broadly the present state of our knowledge of 
the physical universe. 

In the six years that have elapsed since the first appearance 
of this work, many others of a similar stamp but somewhat dif¬ 
ferent content have been published. It is apparent from these 
books that many avenues of approach to the study of Physical 
Science are possible. Some lean toward the theoretical, others 
toward the practical; some are thorough, others more superficial. 
Each has its merits under certain conditions. Our experience has 
demonstrated the value of the more rigorous approach, with the 
frequent application of mathematics as a tool, and continuous 
emphasis on the inculcation of the scientific method of studying 
a problem. 

At New York University, the material here given has been 
widely supplemented by demonstrations, lantern slides, and 
motion pictures. Although these are not necessary concomitants 
of the text, we believe that a liberal use of such teaching aids is 
of great value toward giving students a thorough understanding 
of the subject matter. 

We are happy to have this opportunity to express publicly our 
gratitude to the staff of The Macmillan Company for their en¬ 
couragement and cooperation during the evolution of this volume 
from preliminary to final form. 

The Authors 

New York 
May, 1942 
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PHYSICAL SCIENCE 




chapter I 


The Scientific Method 


What Is Science? 

The word science is sometimes used in a very broad way as 
synonymous with learning and knowledge; but usage has re¬ 
stricted the word, when it is used in the sense of natural science, 
to a more definite meaning as the ordered knowledge of natural 
phenomena and of the relations between them. A knowledge of 
natural phenomena without a knowledge of the relations between 
them is not science, just as the parts for an automobile do not 
constitute an automobile until they have been assembled in their 
proper relationships. Early in the life of the human race, man 
had to become scientific and observe the relationships between 
natural phenomena; thus, for example,'primitive man had to 
observe the relationships between the seasons and weather condi¬ 
tions if he was to sustain himself by cultivating the soil. The 
search for the relations between the varied phenomena of nature 
is always going on, and hence our knowledge of natural phe¬ 
nomena is continually broadening. 

Science may be said to have arisen out of two human charac¬ 
teristics : curiosity and the desire for better living conditions. Our 
curiosity leads us to inquire why and how natural phenomena 
occur; that is, it leads us to attempt to explain natural phe¬ 
nomena just as the curiosity of a child leads him to take a watch 
apart to see how it works. Our desire for better living conditions 
causes us to inquire how we can use our knowledge of natural 
phenomena to make life pleasanter, more secure, longer, and so 
forth. To give just one illustration, we may cite that our knowl¬ 
edge of refrigeration and transportation has made it possible for us 
to have fresh meat and vegetables of all kinds throughout the year. 

1 
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The rapid increase in scientific knowledge which has taken 
place in the past few centuries has led men to specialize more 
than they did in earlier times in one or another branch of science. 
Thus there have sprung up the sciences of astronomy, biology, 
chemistry, geology, mathematics, physics, and others. Although 
specialization is necessary to solve particular problems which 
arise in our investigation of natural phenomena, nature draws no 
boundary lines which say that this or that phenomenon is entirely 
biological or physical or chemical. Thus the solution of a particu¬ 
lar problem in science may lead the investigator into almost any 
field of science. For example, the study of the weather involves 
the science of physics in the motion of air masses and in the ques¬ 
tions of rain, frost, snow, and so forth, the science of geography in 
the effect of the surface forms on weather, the science of astronomy 
in the effects of the earth’s rotation and of solar radiation on the 
weather. 

Even as science is sometimes divided for convenience into 
branches, it is also divided into pure science and applied science. 
This division is often made in accordance with whether the in¬ 
formation serves to explain natural phenomena or whether it 
serves to better our living conditions. An interesting example of 
the relation of pure science to applied science is the mathematical 
prediction of wireless waves by James Clerk Maxwell (1831-1897). 
Later, Heinrich Hertz set out to discover these waves experi¬ 
mentally, meeting with success in 1888. For some time, wireless 
waves were of interest only to pure science; but when Marconi 
succeeded in sending wireless signals across the English Channel 
in 1899, the practical use of these waves began to be evident, and 
the applied science of wireless telegraphy and radio was born. 
For many years the universities were the chief centers of research 
in pure science, and most of the research done by industrial lab¬ 
oratories was concerned with applied science. At present, how¬ 
ever, a nmnber of large concerns are also doing fundamental 
research in pure science. Industrial corporations as well as finan¬ 
cial experts are realizing more and more that a good research 
department is essential if an industry is to keep abreast of indus¬ 
trial development. 

Science and art are sometimes contrasted by pointing out that 
science is related to something to be known, while art is related to 
something to be done. If this course is followed, many applied 
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sciences, such as engineering and medicine, are arts, for they are 
concerned with taking the principles of science and applying them 
to some particular thing, for example, the building of a bridge or 
the treatment of a sick man. 

The Scientific Method 

Science makes use of two general procedures to obtain its 
knowledge of the world: (1) observation, and (2) reasoning. Both 
of these are essential, for concentration upon one to the exclusion 
of the other is not productive of scientific knowledge. The collec¬ 
tion of many observations which remain unrelated is just as 
useless as the picture of the elephant which was obtained by the 
three blind men: one happened to grasp the tail, and concluded 
that an elephant is like a rope; another happened to place his 
hand against the elephant’s body, and concluded that an elephant 
is like a wall; and the third happened to grasp the elephant’s leg, 
and concluded that an elephant is like a tree trunk. All of their 
observations were correct, but until their observations and all 
others about an elephant are related to each other we cannot form 
a picture of the animal. In spite of their great progress in other 
fields of knowledge, the Greeks did not progress far in experimen¬ 
tal science because they made the opposite mistake: they de¬ 
pended mainly on reasoning and did not always check their rea¬ 
soning with observations. Thus Aristotle (384-322 b.c.), one of 
the most renowned of Greek philosophers, reasoned that matter 
falls because it has weight, and thus he concluded that a heavy 
body would fall faster than a light one. This was believed until 
Galileo (1564-1642) showed by experiment that Aristotle’s view 
was false. 

Observation and reasoning are the basis upon which the scien¬ 
tific method is built. The laws of science are obtained by this 
method; and it is one of the greatest contributions of science to 
human knowledge, as it has been found to be useful in almost all 
fields of human endeavor. There are three stages in the scientific 
method: the first consists in observing the significant facts; the sec¬ 
ond, in arriving at a hypothesis which, if true, would account for 
these facts; the third, in deducing from this hypothesis consequences 
which are then tested by observation. If agreement between the 
observations and the consequences deduced from the hypothesis 
is found, the hypothesis is, so far, confirmed, and it gains in au- 
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thority with every fresh concordance discovered. If the deduc¬ 
tions from the hypothesis do not agree with the observations, the 
hypothesis may need modification, or it may have to be aban¬ 
doned altogether. By this process a hypothesis is finally found 
which appears to agree with the observations, and such a hypothe¬ 
sis is called a theory. If further study of the theory by observa¬ 
tional testing of the consequences that can be deduced from it 
does not lead to disagreement, the theory is finally called a law.^ 
Mathematics is often useful in the sciences because its methods 
help in the choice of^ a suitable hypothesis which itself may be 
some mathematical expression. Because of the convenience of its 
symbolic language, mathematics is also very useful in deducing 
consequences from hypotheses. 

In the next section of this chapter we shall consider some of 
the methods employed and the difficulties which arise when 
observations of a scientific phenomenon are made; then we shall 
consider the process of reasoning called induction, which is often 
the way in which the hypothesis is formed from the observations 
when using the scientific method; and, lastly, we shall consider 
deductive reasoning, which is often the process by which the con¬ 
sequences of the hypothesis are obtained. 

Observation in Science 

Some phenomena can be observed under conditions which are 
controlled by the observer, while others are subject to no such 
control. We can obtain good results more conveniently in the 
case of controlled observation, often called experimentation, and 
hence, when possible, we try to make observations under such 
conditions. As an example of this, one may take chemical experi¬ 
mentation, which is often carried out by changing and controlling 
the temperature and the pressure under which two or more chemi¬ 
cals react. 

In the study of other phenomena there may be no way of con¬ 
trolling the conditions under which the observations must be 
made. A case in point would be the observation of the behavior 
of the earth’s crust during an earthquake. The motion of a large 
river, of a glacier, or of the stars in their courses cannot be con-' 

1 There is no sharp distinction between the use of the words hypothesis and theory, nor 
between theory and law. These three words are used to express increasing progress toward 
certainty. But, since certainty is never attained in science, even a law may have to be 
abandoned or modified to conform to further observations. 

m 
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trolled; hence, in studying these phenomena, we can only record 
observations. One way of proceeding is to record the observa¬ 
tions of many natural occurrences and then reason about them. 
Thus, from a knowledge of marine life and other factors charac¬ 
teristic of the sea or its edge, one may conclude ttiat certain por¬ 
tions of the continents were under water in previous times. This 
conclusion arises from the fact that marine fossils are found in 
present-day rocks on the continents. 

Another method of dealing with uncontrollable phenomena is 
to build a model that resembles nature as closely as possible and 
in which the conditions of experimentation are under control. 
Thus when the Chinese government had an engineering firm study 
the Yellow River to determine what could be done to prevent 
floods, the engineers built a complete model of the river to study 
the situation. Similarly, a model of the Cape Cod Canal was built 
to study the feasibility of enlarging the canal so that ocean liners 
could use it. Another example of the building of models in order 
to obtain control of natural phenomena is the use of wind timnels 
in which models of airplanes, autos, and streamlined locomotives 
are tested. 

In making observations, whether of a phenomenon where the 
conditions can be controlled or of one where this is impossible, 
extreme care to avoid errors is necessary. This is evident when 
we remember that observations of any phenomenon are made by 
means of the senses; either by sight, hearing, smell, taste, or 
touch, or by a combination of them. It is well known that various 
individuals have rather large limitations of the senses; some 
cannot distinguish colors, others are deaf to high notes, etc. We 
have probably experienced an argument at some time in our life 
that was based on another person’s seeing quite a different thing 
from that which we saw when looking at the same object. Many 
court trials in accident cases involve a great deal of disagreement 
as to just what happened at the scene of the accident. Even im¬ 
partial observers do not always agree. Our senses put a large 
restriction on our ability to observe accurately. A great deal of 
training in experimental science is aimed at the sharpening of the 
senses in order to increase the ability to observe certain classes of 
phenomena accurately. But even with thoroughly trained ob¬ 
servers, there is still the possibility that their senses will betray 
them. The senses themselves are limited in their perception 
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because of fatigue, nervous action, mental condition, or by their 
innate insensibility. Further, the observer has to be impersonal 
in his observations; he has to guard against the coloring of them 
by personal habits of thought, by traditions of the times, by 
prejudices, by beliefs which are accepted on faith, or by personal 
desires and ambitions. These diflScultics in observation make the 
facts upon which scientific laws are based less certain than we 
would like them to be. 

Scientists have set up two criteria which are usually applied to 
observations before they are acceptable: (1) the observation shall 
be made a large number of times and the average of these results 
shall be taken; (2) the observation can be verified by anyone who 
has the opportunity, the technical skill, and the apparatus nec¬ 
essary to make it. The first of these requirements eliminates some 
of the errors which may be made in observation. The second in¬ 
sures that the observation shall continue to give the same result. 
If an observation of some phenomenon satisfies these two require¬ 
ments, it is spoken of as being true. If at any time an observer 
finds a contradiction to a statement which has previously been 
accepted as true, he checks his observation many times. If there 
still is disagreement, the matter is usually turned over to other 
investigators for consideration. The result may be the discarding 
of the earlier statement as being untrue or only partly true. 

Inductive Reasoning 

A scientific law ^ is sometimes obtained from observations by 
means of inductive reasoning. The method is illustrated by the 
following example. The records of the New York City weather 
bureau show that for 52 consecutive years, beginning in 1873, the 
mean temperature in the month of July was higher than that in 
the month of June. On this basis most people would accept the 
conclusion that July is a hotter month than June. Thus, on the 
basis of the observations for 52 years, the general statement may 
be made: July is a hotter month than June. This method of ob¬ 
taining a general statement, or law, as a conclusion from many 
particular observations is called induction. It should be noted 
that, although induction may lead to a conclusion which is useful, 
the conclusion may not be entirely true. There may be exceptions; 
for example, it happened that in 1925 June had a higher mean 

1 See footnote, p. 4. 
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temperature than July and thus June, 1925, was hotter than 
July, 1925. Hence, a conclusion obtained by inductive reasoning 
may prove to be false when more observations are made. 

Another example of a scientific law obtained by inductive 
reasoning is the one, obtained from experiment, that the pitch of 
a note depends on the frequency of the sound associated with it. 
This can be demonstrated by means of a rotating wheel with holes 
in it through which a stream of air is directed. As the speed of 
rotation is increased the number of holes passing the stream of 
air increases, thus increasing the number of blasts of air per min¬ 
ute that get through the holes, and hence increasing the frequency. 
With this increase in the frequency it is noticed that the pitch 
becomes higher. Now if it is true that the pitch rises with an in¬ 
crease in the frequency under all possible circumstances in which 
the frequency can increase and the pitch can be determined, then 
it may be concluded that it is always true that the pitch becomes 
higher as the frequency increases. It is obviously impracticable 
to try all possible experiments, even if for no other reason than 
the length of time it would take; hence the best that can be done 
is to try many experiments and draw a conclusion from the ob¬ 
servations made in them. Thus induction is always limited, in 
that all possible observations cannot be made. The statement of 
a law obtained by induction is very useful, but one must always 
realize that it is merely a conclusion which is probably true, true 
insofar as it has been verified, but always open to revision when 
contradictory facts are obtained. 

Deductive Reasoning 

The method of obtaining a scientific law by induction is often 
quite a lengthy process, since numerous observations must first 
be made. New scientific laws may, however, also be obtained 
from others by processes of reasoning alone. A simple illustration 
of this method of obtaining laws, and at the same time of relating 
them, is the following: all rain is water; all water is wet; hence all 
rain is wet. The form of this reasoning is clearly brought out if 
the letter A is allowed to s^nd for “rain,” B for “water,” and 
C for “wet.” Now, rewriting with the letters A, B, and C, we 
have: all A is B; all B is C; hence all A is C. This is one of the 
forms of deductive reasoning. The first two statements are called 
the premises, and the last gg-tement is called the conclusion. 
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When the reasoning is correct, as in this form, it is said to be 
valid. There are other forms of deductive reasoning, which we 
shall not consider here, but in every case the correctness of the 
reasoning depends only on the form, and any form is invalid 
which can be filled by premises which are true and a conclusion 
which is false. As an example of invalid reasoning one might con¬ 
sider: all freshmen are human beings; all college students are hu¬ 
man beings; hence all freshmen are college students. Here, al¬ 
though all the statements are true, the reasoning is invalid, for 
the form of the reasoning: all A is B; all C is B; hence all A is C, 
can be filled by true premises and a false conclusion by substitut¬ 
ing the word “bookkeepers” for “freshmen.” This test for validity 
may be taken as the definition of deductive reasoning. Thus we 
may say that deductive reasoning is that form of reasoning in which 
it is impossible for a false conclusion to follow from true premises.^ 
It should be noted that it is not necessary for all the statements 
in valid reasoning to be true. Thus, consider: All New Yorkers 
are citizens of the Dominion of Canada; all citizens of the Do¬ 
minion of Canada are subjects of the King of England; hence all 
New Yorkers are subjects of the King of England. This reasoning 
is valid for it fits the form: all A is B; all B is C; hence all A is C; 
but the conclusion is false as well as is the first premise. The fact 
that the reasoning may be valid even though the conclusion is 
false is of great use in science, for it makes it possible to test the 
truth of certain scientific statements by means of others. For 
example, suppose we wish to test the truth of the statement: 
The interior of the earth is liquid. Clearly, we cannot dig down 
far enough to answer this question by direct observation. For the 
purpose of deciding the question, let us assume that it is true, 
and make it the first premise in the following reasoning: the 
interior of the earth is liquid; a liquid is not able to transmit 
earthquake waves; hence the interior of the earth is not able to 
transmit earthquake waves. But geologists have found that 
certain earthquake waves are transmitted through the interior 
of the earth and thus the conclusion drawn is false. However, the 
deduction is valid since it is of the same form as the valid forms 
considered above. Thus, by the definition of deduction, one of 
the premises is false. Now if scientists can demonstrate that the 


^ To contrast induction and deduction, deduction is sometimes incorrectly described'as 
reasoning from the general to the particular. That this is incorrect is evident from the 
example in the text, for the conclusion **all raii^i|^^et” is a general statement. 
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second premise is true, then the first premise is false, and thus 
we would conclude that the interior of the earth is not liquid. 

Deductive reasoning enables scientists to obtain new laws, to 
relate laws to one another, and to test the truth of scientific laws. 
The third stage of the scientific method, in which consequences 
are deduced from the hypothesis and then tested by observation, 
often makes use of deductive reasoning to obtain new laws and 
to test the truth of old ones. 

The Purposes of This Book 

The main purposes of this book are to provide a broad back¬ 
ground of knowledge of the physical sciences, which is essential 
to the culture of an educated man if he is to appreciate the world 
of today, and to provide some understanding of the scientific 
method and the necessity for its use to attain clear, logical, un¬ 
biased, and accurate thought in any field of human endeavor, as 
well as in science. We shall consider the basic concepts of as¬ 
tronomy, chemistry, geology, and physics, and some of the ways 
in which these subjects are interrelated. The use of mathematics 
as a guiding principle and also as a tool will be made clear. 

The book is not intended as a text to train specialists or tech¬ 
nicians in any of the fields discussed, but rather to give the reader 
some appreciation of science and its methods. We all realize that 
life as it is now being lived is radically different from that of 
hardly more than a hundred years ago. Then, such scientific 
inventions and discoveries as the automobile, airplane, telegraph, 
telephone, radio, motion pictures, electric light and power, agricul¬ 
tural machinery, effective sewage disposal, drugs to relieve pain 
and cure disease, and anaesthetics were unknown. To appreciate 
the r 61 e of science in our civilization, we must understand the 
basic principles of pure science; it is these that will be stressed in 
the coming pages. They will be found illustrated and applied in 
many of the things with which we come in close contact in our 
daily lives. 

EXERCISES 

1. Define science and state its purposes. 

2. Distinguish between pure science, applied science, and art. 

3. Descrite (a) the scientific method, (b) experimentation, (c) reasoning. 

4. What types of errors and difficulties must be avoided in making observa¬ 
tions? Why? 
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5. When is an observation accepted as true? 

6. What is (a) inductive reasoning? (b) deductive reasoning? 

7. In what ways are inductive and deductive reasoning useful in science? 

8. In what ways are inductive and deductive reasoning useful in the scientific 
method? 

9. Is a conclusion arrived at by induction true? Is one arrived at by valid 
deductive reasoning necessarily true? Explain. 

10. Test , the following to determine whether or not the reasoning is correct. 
Is the argument valid? Is the conclusion true? Explain. 

(а) All men are intelligent; all intelligent i)eople arc one-eyed; therefore 
all men are one-eyed. 

(б) All Parisians are Europeans; all Frenchmen are Europeans; therefore 
all Parisians are Frenclunen. 

(c) All knowledge can be acquired by diligeiit study; this subject is a 
branch of knowledge; therefore this subject can be acquired by diligent 
study. 
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chapter II 


Science and Measurement 


In ordinary conversation we are often satisfied to make such 
statements as: San Francisco is far from New York, ice is cold, 
an automobile is heavy. However, even in daily life it is sometimes 
necessary to be more precise, inasmuch as the words far, cold, 
heavy, etc., are vague, and we often want to be able to answer the 
questions: how far? how cold? how heavy? Thus qualitative 
words such as far, cold, and heavy are replaced by measurements 
of distance, temperature, and weight. Quantitative statements 
can then be made describing the phenomena more accurately. 
For example, San Francisco is 3060 miles by road from New York 
City; the temperature of this ice is 20° Fahrenheit; that automo¬ 
bile weighs 3000 pounds. 

Statements in science should be as accurate as possible, conse¬ 
quently quantitative ones are preferred to qualitative. To be 
able to make the former, we must agree upon some units of meas¬ 
urement for the various entities which we wish to measure. When 
these units have been defined for the basic entities of length, 
mass, and time, the units of measurement for such derived en¬ 
tities as speed (derived from length and time) can be defined. 

Units of Measurement 

Two systems of measurement of length, mass, and time are in 
use in the United States: the metric and the customary systems. 
The metric system is based on the centimeter, the gram, and the 
second, and hence it is sometimes referred to as the CGS system. 
The customary system is based on the foot, the pound, and the 
second, and is sometimes called the FPS system.^ The units in 

^ This system, although it is sometimes referred to as the English system, differs from 
that in use in England in the size of certain units. 

n 



12 


PHYSICAL SCIENCE 


both systems are defined by means of the meter, the kilogram, 
and the mean solar day. The meter is the distance between two 
marks on a certain platinum-iridium bar, the International Pro¬ 
totype meter, when supported in a definitely specified manner at 
the temperature of melting ice and at standard atmospheric 
pressure. The kilogram is independently defined as the mass of a 
definite platinum-iridium standard, the International Prototype 
kilogram.* Both of these standards are kept at the International 
Bureau of Weights and Measures in Paris, France. The solar day 
is the length of time between two consecutive crossings by the sun 
of the meridian through the zenith. Since this solar day varies 
in length, the average length of all solar days in a year is found 
and this length of time is called the mean solar day. It is the 
basic unit of time in our daily affairs as well as in the sciences, 
with the exception of certain astronpmical work. 

The basic units in the CGS system are derived directly from 

the above definitions, since the centimeter is of a meter, the 
gram is - 7 ^ of a kilogram, and the second is ^ ^ of a day. In 

ILHJvJ oD,4UiJ 

the FPS system, the inch and the pound are defined by means of 
the relations 


1 meter = 39.37 inches 
1 avoirdupois pound = 453.5924277 grams, 

which were fixed by federal law. The second of time is defined as 
in the CGS system. 

' From the basic units of length, mass, and time, others are 
derived. Thus the unit of area is a square having sides each of 
length equal to one unit of length. In the customary system this 
definition leads to the square foot, and in the metric system it 
leads to the square centimeter. The units of measurement of 
more complex quantities such as speed and density are also de¬ 
fined in terms of the basic units. Thus the units of speed are the 
foot per second and the centimeter per second; and the units of 
density, which is mass divided by volume, are the pound per 
cubic foot and the gram per cubic centimeter. 

Tables of weights and measures for both the metric and the 

1 National Bureau of Standards’ Miscellaneous Publication M121f Units of Weight and 
Measure^ p. 2. 
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customary system, as well as tables of equivalents for conversion 
from one system to the other, are given in Appendix I. It will be 
found helpful when reading the text to be familiar with the method 
of forming the names of the metric units. In each case the name 
of the metric unit is formed by combining the words meter, for 
length, gram, for mass, and liter, for capacity, with six numerical 
prefixes as follows: 

milli- (one thousandth) deka- (ten) 

centi- (one hundredth) hecto- (one hundred) 

deci- (one tenth) kilo- (one thousand) 

The Use of Numbers in Denoting Measurement 

The use of numbers to represent the number of objects in an 
aggregate is quite familiar. Thus we speak of 3 men, 5 trees, 
2 apples, etc. Here the number expresses exactly the number of 
objects present. In scientific measurements, however, the quan¬ 
tities encountered can seldom be expressed exactly. Usually they 
can be measured only to a certain degree of accuracy. Thus, for 
example, the length of a table may be measured, and the result 
stated as 1.21 meters. This does not mean that the table is exactly 
1.21 meters long, but usually that the exact length of the table lies 
between 1.215 and 1.205 meters. Wlien a physical measurement 
is given, it is always understood that the last figure is approxi¬ 
mate, and, unless stated to the contrary, it is assumed that the 
given value for the measurement lies in the middle of the interval 
of possible values for it. 

There are three significant figures in the measurement 1.21 
meters given above. A significant figure is any non-zero digit, 
any zero lying between non-zero digits, or any zero placed at the 
immediate right of a significant figure if so specified. The measure¬ 
ment 1.21 does not purport to be more accurate than about 1 part 
in 100. When this measured quantity is used in calculations, the 
results are also expressed in a manner which implies no greater 
accuracy than is inherent in the original measurement, that is to 
say, the calculated result will be expressed to three significant 
figures. 


EXERCISES 

1. How does a quantitative statement differ from a qualitative one? Which 
kind is more desirable? 
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2. Define the basic units in the metric system and in the customary system. 

3. What is the solar day? How does the mean solar day differ from the solar 
day? 

4. Explain how the unit of volume is derived from that of length. Find the 
numerical relationship between cubic meters and liters. 

5. In the following statement, which numbers expre.ss a magnitude exactly and 
which do so approximately? There are 25 apple trees and 20 plum trees on a plot 
of ground 150 feet by 275 feet. For those numters which express a magnitude 
approximately, state the interval within wliich the exact measurement lies. 

Scientific Notation 

Very large and very small numbers are needed in science to 
express various measurements. To write large and small numbers 
science employs an abbreviated notation which has become so 
useful that it is given a special name: scientific notation. To 
imderstand it we must recall the definitions of exponents: 

(1) a" = a X a X a X a X • • • to n factors 

(2) a« = 1 


To express a number, for example, 93,000,000, in scientific 
notation, we first move the decimal point to the position just 
after the first significant figure. This brings the decimal point 
between the 9 and the 3. This moving of the point is equivalent 
to dividing the number by a power of 10; hence to keep the num¬ 
ber unchanged in value we must multiply it by the same power of 
10. In the case of 93,000,000, moving the decimal point to the 
position between the 9 and the 3 is equivalent to dividing by 
10,000,000 which is 10’. Thus we must multiply 9.3 by 10’, ob¬ 
taining 

93,000,000 = 9.3 X 10’. 


It should be observed that the power of 10 which is used as a 
multiplier has as its exponent the number which is the number 
of places over which the decimal point was moved. 

Consider now a number such as 0.000,000,000,53. Following 
the procedure outlined above, we move the decimal point to the 
position between the 5 and the 3. This is equivalent to dividing 
by 0.000,000,000,1. Now 
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Inasmuch as moving the decimal point to the position between 
the 5 and the 3 is equivalent to dividing by we must mul¬ 
tiply 5.3 by 10“^" to keep the number unchanged in value, con¬ 
sequently 

0.000,000,000,53 = 5.3 X 10-'“. 

Notice again that the power of 10 which is used as a multiplier 
has as its exponent the number which is the number of places 
over which the decimal point was moved. 

To change a number from scientific notation to ordinary no¬ 
tation it is only necessary to multiply the two factors together. 
As an example, let us change 1.12 X 10* to ordinary notation. 

Since 10* = 100,000,000 


1.12 X 10* = 1.12 X 100,000,000 = 112,000,000. 


It should be observea tnat the effect of the multiplication in this 
case, in which the exponent of 10 is positive, is to move the deci¬ 
mal point to the right a number of places equal to the number 
which is the exponent of 10. 4s a --urther example, consider 
5 X 10-h 


Since 



i 

ro,ooo,ooo 


0.000,000,1 


5 X 10-’ = 5 X 0.000,000,1 = 0.000,000,5. 


Again we observe that the effect is that the decimal point has 
been moved, this time to the left since the exponent is negative, 
a number of places equal to the number which is the exponent 
of 10. 


EXERCISES 

(Use scientific notation throughout.) 

1. Express in scientific notation the magnitude given in each of the following: 

(a) The number of atoms in 1.008 grams of hydrogen is supposed to be 
602,300,000,000,000,000,000,000. 

(b) The distance of the moon from the earth is approximately 240,000 miles. 

(c) The diameter of the smallest visible particle is approximately 0.005 
centimeters. 

(d) The mass of a water molecule is supposed to be 0.000,000,000,000,000,- 
000,000,03 grams. 

2. Express in ordinary notation the magnitude in each of the following: 

(a) The radius of the sun is approximately 6.9 X 10® kilometers. 

(b) The mass of the earth is approximately 6.6 X 10*’ tons. 
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(c) The greatest rate' of plant growth is approximately 3 X 10“* milli¬ 
meters per second. 

(d) The diameter of the average red blood corpuscle is 8 X centi¬ 
meters. 

3. If light travels 1.86 X 10® miles per second, find how far it travels in one 
year of 365 days. The result Ls the distance known as a light-year and is used as 
the unit of distance in many astronomical calculations. Ans. 5.87 X 10^^ miles.^ 

4. The star nearest to us is about 2.45 X 10^^ miles away. Find how long it 
takes light to reach us from this star. 

5. How many molecules are there in one pound of pure cane sugar if one mole¬ 
cule weighs 5.7 X lO"^^ g? Use the relation, 1000 g = 2.2 pounds. Am, 8.0 X lO^^ 
molecules. 

Quantitative Expression of Laws in Science 

The quantitative expression of laws in science is almost as 
diverse as the laws themselves. In Chapter XI general methods 
of quantitative statement are considered; however, we shall have 
to make immediate use of simple equations and formulas to repre¬ 
sent scientific laws. In particular, it will be necessary to use the 
ideas of variation and proportion. Consequently they will be 
discussed, together with their uses, in the remainder of this chap¬ 
ter, and they will serve as examples of the expression of scientific 
laws in a quantitative way. 

Direct Variation 

Everyone is familiar with the fact that if he walks with a con¬ 
stant speed, the longer he walks the farther he will go. Thus, if a 
man walks 4 miles in one hour and continues walking at the same 
speed, then in two hours he will have walked 8 miles, in three 
hours he will have walked 12 miles, etc. This is an example of 
what is called a direct variation and, in the more precise language 
of mathematics, one would say the distance walked at a constant 
speed varies directly as the time. The total distance walked, s, 

8 

at the end of any time, t, is always such that the quotient - is con- 

V 

4 8 12 

stant; for example, in the illustration given above, 7 = « ~ “o' 

X. A o 

— etc. = 4. This property of a direct variation is taken as its 

^ Note that the result is expressed to three significant digits since the original, measured 
quantity (speed of light) has been given with no greater accuracy than this. Much time can 
be saved when calculating if the simple rule is kept in mind that accuracy cannot be en¬ 
hanced or fabricated by calculation. In general a calculated result should not be expressed 
with more significant figures than the least accurate of the measured quantities used in the 
calculation. 
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definition: When two variables x and y are so relaied that, howei^ 
their values may change, their ratio remains constant, then y is said 
to vary directly as x. If c is a constant, this may be written in the 
form 


or 



y — cx. 


( 1 ) 

( 2 ) 


Occasionally a special symbol for variation, «, is used and then 
the expression ‘y varies directly as x' appears in the form 

2/ oc x; (3) 


however, this is always changed to the equivalent form (2) before 
it is used in any computation. In the illustration considered 
above, c has the value 4, and so the quantitative law stating the 
relation between the distance walked, s, and the time consumed, 
t, is 


s = U. 


If y varies directly as x, then by (2) y = cx. Now if any two 
pairs of corresponding values of x and y are chosen, such as 
and (x 2 , 2 / 2 ), which satisfy the relation (2), we have 

2/1 = cXi, ( 4 ) 

and 2/2 = cx^. (5) 

Then dividing equation (4) by equation (5), we have 


^ £i. 

2/2 X2 


( 6 ) 


This equation, (6), states that when y varies directly as x, values 
of y are proportional to corresponding values of x or, more briefly, 

y is proportional to x. 


Example 1. The number of calories produced by a given food varies directly 
as the weight of the food taken. If 1 gram of cow’s milk produces 0.692 Calories, 
how many grams of cow’s milk will produce a standard portion of 100 Calories? 

Solution. If w = the number of Calories produced 
and w — the number of grams of food taken, 

than according to the first sentence 


n = cw. 


(7) 
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From the second sentence of the example it is known that when =* 1, n = 0.692; 
hence, substituting these values in (7) 

0.692 = c X 1, 

or c = 0.692. 

Substituting this value in (7), we get the formula 

n = 0.692it;. (8) 

Now the second sentence asks the question: If n = 100, what is w? Substituting 
n - 100 in (8), we have 

100 = 0.6927/^, 

or w = ^ - 144.5 grams. 

Alternate solution. The first sentence of the example states that n varies 
directly as w; hence if {ni,wi) and (n 2 ,W 2 ) are any two pairs of values of n and 
then by (6) 

^ = (9) 

nz Wi 

The second sentence of the example asks the question: If Wi = 1 when ni = 0.692, 
what is W 2 when n. = 100? Substituting these values in (9), 

0.692 _ _1 

100 “ Wi ■ 

It follows that Wi = “ 144.5 grams. 

Both methods of solving a variation problem are of consider¬ 
able use. The second method in the above problem is shorter; 
however, by this method, the formula (8) is not obtained. Often 
the formula is the thing desired; and, in that case, the first method 
is used. 

Inverse Variation 

Instead of varying directly as x, y may vary directly as x®, as 
X + 1, as x^ -f X -f 1, as and so forth. In every case of direct 
variation, the methods of solving problems are identical with 
those given above. When y varies directly as - it is said to vary 

CO 

inversely as x. An illustration of such a variation is the usual 
method of testing the speed of runners by timing them while 
they run a fixed distance. The longer it takes a runner to cover a 
given distance, say 100 yards, the slow'er the runner is. Thus if it 
takes one runner 9 seconds, his speed is Hi yds/sec; if it takes a 
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second runner 10 seconds, his speed is 10 yds/sec; and if it takes 
a third runner 11 seconds, his speed is 9 tt yds/sec. Now, in each 
case, the product of the speed and the time is a constant, and 
hence this property of an inverse variation is often taken as its 
definition: When two variables x and y are so related that, however 
their values may change, their product remains constant, then y is 
said to vary inversely as x. If c is a constant, then 

yx = c, (10) 

or y = (11) 

Using the special symbol for variation a, (11) may be written 
in the equivalent form 

y ( 12 ) 

In the particular illustration considered above, c has the value 
100, and so, as the quantitative law stating the relation between 
the speed v and the time consumed t, we may write 

100 


Choosing any two pairs of corresponding values, {xi,yi) and 
{xi,yi), of X and y which satisfy the relation (11), the latter be¬ 
comes 



c 

2/1 = 

(13) 


Xi 


and 

II 

(14) 


Now, dividing equation (13) by equation (14), we have 


This equation (15) represents a proportion between values of y 
and corresponding values of x, but this proportion differs from 
that resulting from direct variation (6) in that the second ratio 
is inverted. Hence, when y vanes inversely as Xy y is inversely 
proportional to x. 
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Example 2. The pressure of an enclosed gas varies inversely as the volume if 
the temperature is kept constant. If the volume of a given gas is 80 cc at 950 mm 
of pressure, what will be the volume of the same gas at 760 mm of pressure? 
(The way pressure is measured in mm of mercury will be discussed in Chapter X, 

p. 168.) 

Solution. Let V = the number of cc of volume 
and P — the number of mm of pressure. 

The first sentence says that 

P = f (16) 


The second sentence states that when F = 80, P = 950; hence, substituting 
these values in (16), we have 




or 


c = 80 X 950 == 76,000. 


Then, substituting this value in (16), we obtain the equation 

p _ 76,000 
F 


(17) 


Now the second sentence also asks the question: If P = 760, what is F? This 
is answered by substituting P = 760 in (17): 

760 = 

or V — 100 cc. 


Alternate solution. If (Fi,Pi) and (F 2 ,P 2 ) are any two pairs of values of F 
and P, then according to (15) 


Pi ^ F2 

P2 Fi 


(18) 


The second sentence of the problem asks the question: If Fi = 80 when Pi = 950, 
what is F 2 when P 2 = 760? Substituting these values in (18), we have 


or 


^ ^ F2 
760 80 ’ 

80 X 950 __ 76,000 
760 760 


100 cc. 


Joint Variation 

The variable z is said to vary directly as x and y when 


z = exy. 


( 19 ) 



SCIENCE AND MEASUREMENT 


21 


where c is a constant. The variable z is said to vary directly as x 
and inversely as y when 


where c is a constant. 


X 


Z ^ C~1 


y 


( 20 ) 


Example 3. The load which a horizontal beam of a given material, supported 
at both ends, will support at the center of the beam varies directly as the breadth 
and the square of the depth, and inversely as the length between supports. If a 
3-inch by 9-inch beam 15 feet long, standing on its 3-inch side, safely supports 
1800 pounds, what load will a beam of the same material, 2 inches by 6 inches and 
8 feet long, support? 


Solution. Let W = the number of pounds in the load, 

B — the number of inches in the breadth, 
D = the number of inches in the depth, 

L = the number of feet in the length. 


and let c be a constant. Then the first sentence can be stated in symbols: 

w 

Lt 


( 21 ) 


The second sentence says that if 5 = 3, Z) = 9, and L = 15, then W = 1800; 
hence, substituting in (21), we have 


Thus 


1800 - c 
15 X 1800 


3 X 92 


15 
1000 ^ 
9 


3 X 92 

Substituting this value of c in (21) transforms it to 

1000 ^BXD^ 

pf = __x-3-- 


111 . 1 . 


( 22 ) 


Now the second sentence of the example asks the question: If B = 2, D = 6, 
and, L == 8, what is W? Simple substitution in (22) yields the answer 


w = X = 1000 pounds. 


Variation and the Choice of Units 

Frequently, when a quantity is related to other quantities by 
means of a law involving variation, the unit of measurement of 
the new quantity is defined so that the constant appearing in 
the variation formula becomes 1, thus making the formula simpler. 
For example, it is well known that the area of a rectangle varies 
directly as the length and the width. Therefore 

A = cLW. 


(23) 
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Now a unit used to measure both the length and the width, in 
the customary system, is the inch. Hence, if the unit of area is 
chosen, as is usual, to be 1 square inch, then, substituting the 
values L = 1, TF = 1, and A = 1 in (23), it follows that 

1 = c X 1 X 1 

and c = 1. 

Substituting this value of c in (23) gives the familiar formula 

A = LXW. (24) 

If we choose to define the unit of measurement for A in a differ¬ 
ent way, then (24) would not be the formula. This occurs in the 
case of the area of a right triangle. Here, too, the area A varies 
directly with the length and the width, and consequently 

A = cLW. (23) 

However, the area of a right triangle is one half the area of a 
rectangle, and so when L = 1 and TT = 1 we let A = i. Thus, 
substituting in (23), 

i = c X 1 X 1. 

Hence c = I and, substituting this value of c in (23), 

A = i X L X TT, 

which is the well-known formula for the area of a right triangle. 

EXERCISES 

1. The volume, F, of a gas under constant pressure varies as the absolute tem¬ 
perature, T. If F = 600 when T = 300, what is the formula? What is the value 
of F when T = 273? 

2. The weight of a body below the surface of the earth varies directly as its 
distance from the center. If a body weighs 100 pounds at the surface of the earth, 
what will it weigh 1000 miles below the surface? (Let the radius of the earth be 
4000 miles.) Ans. 75 pounds. 

3. The volume of a gas at a constant temperature varies inversely as the pres¬ 
sure applied. If F = 190 when P — 800, what is the formula? What is F when 
P - 760? 

4. The electric current, /, that will flow toough a resistance, R, varies in^ 
versely as the resistance. If / = 3 when R = what is the formula? What is I 
when R = 10? 

5. The consumption of coal {T tons/hr) in a locomotive varies as the square of 
the speed, r, maintained. If T = 4 when v — 20, what is T when v = 30? 
Ans, 9 tons/hr. 
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6. The weight of a body above the surface of the earth varies inversely as the 
square of its distance from the center of the earth. If a body weighs 100 pounds 
at the surface, what would it weigh 1000 miles above the surface? (Let the 
radius of the earth be 4000 miles.) Ans. 64 pounds. 

7. The centripetal force, acting on a body of mass, m, at a distance, r, from 
the center of the circle in which it is moving with a speed, v, varies directly as the 
mass and the square of the speed, and inversely as the distance. What is the 
formula for the centripetal force? What is the effect upon F if m is doubled? If 
V is doubled? If r is doubled? If both m and r are doubled? If both v and r are 
doubled? 

8. The safe load of a horizontal beam supported at both ends varies directly 
as the breadth and square of the depth and inversely as the length between 
supports. If a 2-inch by 10-inch beam 15 feet long, standing on its 2-inch side, 
safely supports 1000 pounds, what load will a beam of the same material 3 inches 
by 8 inches and 12 feet long support? Ans. 1200 pounds. 

TOPICS FOR SPECIAL STUDY 

1. The history of units of weight and measure. 

2. The measurement of time. 

3. The use of the slide rule for conversion between metric and customary units. 

4. The solution of simple equations. 

5. The use of logarithms in computations. 
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chapter III 


The Earth’s Place in the Universe 


Introduction 

The skies have been studied for so long, and by so many peoples 
that it is difficult to determine where or when the science of as¬ 
tronomy had its beginnings. Certainly it is among the most an¬ 
cient of the sciences, and it has been studied for many different 
reasons. Until recent times sailors have relied exclusively on the 
Sun and other stars to steer their courses across the oceans. Our 
fundamental measures of time, the day and the year, have always 
depended on the orderly movements of the Earth as it spins 
onward in its journeys about the Sun. Stars are studied not only, 
for their own sake and because we wish to understand the uni¬ 
verse, but also because astronomical investigations are constantly 
helping to illuminate many obscure problems in other fields of 
learning. Scientific men of the present day are particularly con¬ 
cerned with the constitution of matter, the behavior of light, and 
the nature of space. In all of these questions, as well as in many 
others, the data and methods of astronomy are playing an im¬ 
portant r61e. 

On a clear night the sky appears as an immense inverted bowl, 
scattered with points of light. Some of these shine brilliantly, 
others are so faint that we can just discern them, b,ut there seems 
to be no system or plan to their distribution. Without careful 
study we are unable to tell which of these shining bodies are really 
stars, glowing masses somewhat similar to our own Sun but im¬ 
mensely more remote, and which are planets like the Earth, 
fellow travellers in our Solar System, shining because they are 
reflecting the light received from the Sun. Our present purpose is 
to examine a few of the basic principles by which the universe is 
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governed so that we may appreciate its orderly arrangement and 
understand something of its working. 

Although in ancient times many different opinions were held 
concerning the shape of the Earth, there were a few men in Greece 
and Egypt who realized that it was a ball somewhat, similar to 
the objects they observed in space. In fact there was at least one 
fairly accurate determination of its size. However, this knowledge 
was lost during the Dark Ages. Some believed the Earth to be 
flat, but people living near the sea thought of it as slightly convex 
upward, like a shield, because they could see that departing vessels 
gradually sank below the horizon. During the Renaissance the 
invention of the telescope made it possible for astronomers to 
confirm the sphere-like form of the Earth and other planets, but 
these pioneers had no easy task in convincing their contemporaries 
or in avoiding the wrath of ecclesiastical authorities. 

Magellan’s circumnavigation of the globe confirmed the as¬ 
tronomers’ views. Today the actual curvature of the Earth may 
be seen and photographed from the high altitudes attained in 
exploring the stratosphere. 

Solar System 

We take the yearly journey of the Earth about the Sun for 
granted, but for many centuries the Earth was regarded as being 
fixed in space, as a center about which the Sun revolved. This 
system was elaborated by Ptolemy, an astronomer of the second 
century. To explain the paths of the other planets around the 
Sun he invented an ingenious arrangement in which the planets 
described circles about centers which in turn followed circular 
paths about the Earth. As more planets were discovered it became 
necessary to build up an increasingly complex system in order to 
explain their motions. The Polish astronomer Copernicus (1473- 
1543) was the first modern investigator to advance the idea that 
the Sun was in the center of the system, thus substituting a helio¬ 
centric (Sun-centered) for a geocentric (Earth-centered) plan. 
It was many years, however, before the Copernican System was 
accepted. 

As a member of the family of nine or more planets which sweep 
about the Sun, the Earth is in no way remarkable, for the Earth 
is neither very large nor very small, neither close to the center of 
the system nor relatively far away. This, however, is more im- 
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portant: it is at precisely the right distance from the Sun so that 
the heat it receives is sufficient, and not too great, to permit water 
to exist as a liquid. Temperatures above the boiling point of water 
or below the freezing point would make life as we know it im¬ 
possible on the Earth. Furthermore, the mass of the Earth is 
sufficient to hold the atmosphere; the gravitative attraction pre¬ 
vents the escape of appreciable quantities of gas. Thus it has been 
made possible for the waters, the land, and the air—the hydro¬ 
sphere, the lithosphere, and the atmosphere—to exist together 
and form the biosphere, where living tissue grows and perpetuates 
itself. 

The accompanying table gives the names of the planets in the 
order of increasing distance from the Sun. For each one it also 
tabulates size, speed in its orbit, number of satellites (moons), 
and density. 

THE PLANETS 


Planets 

1 

Mean Dis¬ 
tance from 
Sun (in miU 
lions of mile^) 

Mean Diam- \ 
eter {Earth, 
equals one) 

- 1 

Mass 

{Earth 

equals 

one) 

1 - —-; 

Density * 
{grams 
per cc) 

Number 
of Moot IS 

Mean Orbits 
al Velocity 
{miles per 
sec) 

Mercury 

36 

.39 

.04 

3.8 

0 

30 

Venus 

67 

.973 

.81 

4.86 

0 

22 

Earth 

93 

1.0 

1.0 

5.52 

1 

18.5 

Mars 

141 

.531 

.108 

3.96 

2 

15 

Jupiter 

483 

10.95 

317 

1.34 

11 

8.1 

Saturn 

886 

9.02 

94.9 

.71 

9 

6 

Uranus 

1,782 

4.00 

14.66 

1.27 


4.2 

Neptune 

2,793 

3.92 

17.16 

1.58 

! 1 

3.3 

Pluto 

3,650 

? 

.83 

? 

? 

2.9 


* The density of a substance is the ratio of its mass to its v^olume. It is most commonly 
expressed as the mass in grams in a cubic centimeter of the substance being described. One 
cc of water weighs one gram; mercury weighs 13.6 g per cc and is therefore 13.6 times as 
dense as water. Similarly, the mass of the Earth is 5^ times that of an equal volume of 
water. Density may be expressed by the following formula: 


Density = 


mass (in grams) 
volume (in cc) 


The orderly plan of the Solar System is one of its most striking 
features. From the data displayed in the table above, it can be 
seen that the speeds of the planets decrease as we go outward 
from Mercury. The sizes of the planets diminish in both direc¬ 
tions away from Jupiter, the giant member of the family, although 
the size sequence is interrupted by Mars (Fig. 1) and Neptune. 
Jupiter is attended by eleven satellites, and the number falls off 
in both directions. 
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Small bodies *of irregular shapes and different sizes, called the 
asteroids, are found between Jupiter and Mars. The largest 
asteroids are several hundred miles in diameter, but much smaller 
ones can be seen with powerful telescopes. Several hundred have 
already been discovered, and the orbits of many of them have 
been computed and found to be elongated ellipses. It seems 

Sun 

Venus 

I Mars Saturn Uranus Neptune Pluto 


Jupiter i.ooo.ooonnn miipc 



Fig. 1. THE DISTKinUTION AND SIZES OF THE PLANETS 

Above, the planets are spaced according to their distances from the Sun. Below, 
the relative sizes of the planets. The scale applies only to the diameter of the planets. 

probable that the asteroids represent fragments of a disrupted 
planet or planets. This hypothesis is strengthened by the fact 
that they occupy an otherwise blank space beyond Mars in the 
fairly regular distribution of the planets. 

Even though the region included within the orbit of Pluto 
occupies a minute part of the universe, the distances within the 
Solar System are measured in millions of miles, distances so large 
that we cannot readily imagine them. Let us therefore prepare 
a miniature model of a size that will fit our comprehension. In 
this model one million miles is represented by an inch. On this 
scale the Sun is a marble seven eighths of an inch in diameter, 
with the Earth eight feet away, and Pluto 300 feet from the Sun. 
Jupiter, the largest planet, would be slightly larger than the head 
of a pin, while the Earth would be shrunk to a speck of dust less 
than one one-hundredth of an inch across. We do not need to 
complete the model in order to realize that the Solar System 
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consists of a relatively small amount of matter distributed through 
a great deal of space. Nevertheless, when compared to the rest 
of the universe, the part in which we dwell is densely crowded. 
Before continuing with our exploration of space, it is essential to 
remember that the planets and moons are visible because they 
reflect the Sun’s light. The stars, although far more remote, are 
visible because each one is a glowing body, more or less like the 
Sun, pouring out energy in the form of light. 

The distances to many of the stars, as well as to many groups 
of stars, can be measured, but these distances are so great that 
the mile and the kilometer are no longer useful as measuring units. 
The astronomers have a yardstick of their own, the light-year, 
which is the distance that light, speeding onward at 186,000 miles 
(300,000 km) a second, will travel in a year. In terms of miles it is: 

186,000 X 365 X 24 X 60 X 60 miles 
or approximately 5.88 X 10'^ (5,880,000,000,000) miles. 

The nearest star, Proxima Centauri, is 4i light-years away. 
Light from the Sun reaches the Earth in a little over eight min¬ 
utes, but requires 5i hours to reach Pluto and over four years to 
reach Proxima Centauri. In the model considered above, Proxima 
Centauri would have to be placed 400 miles away from the Sun, 
the distance from Buffalo to New York. 

The Earth 

From the astronomical viewpoint, the Earth is relatively un¬ 
important. It is an inconspicuous member of the Solar System, 
so tiny that it would be invisible from even the nearest star. The 
Earth is not a sphere but an oblate spheroid. Perhaps it is simpler 
to say that it is flattened at the poles and bulges at the equator. 
However, the departure from a true sphere is so slight that the 
diameter measured from pole to pole is only about 27 miles less 
than the equatorial diameter. The shape can be accounted for by 
the greater rotational speed at the equator. If we were to stand 
at the north pole for a day we would merely make a single com¬ 
plete turn, without travelling any distance; but objects at the 
equator travel a thousand miles an hour, just as a point on the 
circumference of a revolving wheel travels faster than a point on 
the axle. If the speed of rotation were to increase sufficiently, the 
equatorial bulge would become more pronounced. It may be seen 
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from Fig. 2 that as an object approaches the equator it gets farther 
away from the center of the Earth. Thus it happens that although 
Mt. Everest is our highest mountain, and its peak the highest 
point above sea level, its summit is not the point farthest from 
the center of the Earth. 

For the purpose of measuring distances and defining positions, 
the surface of the Earth is divided into areas by lines of latitude 
and longitude. Latitude is the distance north or south of the 
equator, measured in degrees. Thus 
the north pole is a point at 90° N. 
latitude and the south pole at 90° S. 

On a globe the lines that mark the 
latitudes appear as circles, diminish¬ 
ing in size from the equator (0°) to 
the poles (90°) which are points. 

Each circle lies in a plane parallel to 
the plane of the equator. The centers 
of these circles lie along the axis of 

the Earth’s rotation, a line connect- Fig. 2. the shape of the 
ing the poles. Angular distance in 
an easterly or westerly direction is 
measured by longitude. The lines that 
mark longitude are also approximate 
circles, but they are equal in size; they 

are all approximately great circles {i.e., circles with centers at the 
center of the Earth) and they all intersect at the poles. They 
may be compared to the furrows on the surface of a peeled orange. 
They are numbered east and west from a line called the prime 
meridian (0°), which is chosen arbitrarily to pass through Green¬ 
wich, a suburb of London and the site of the Royal Observatory. 
Since there are 3G0 degrees in a circle, 180° E. longitude coincides 
with 180° W. longitude. Except where the 180° meridian cuts the 
eastern tip of Siberia, most of its length is found far out in the 
Pacific Ocean, remote from the continents. The actual distance 
separating adjacent lines of longitude is greatest at the equator 
and diminishes to zero at the poles. 

The Earth in Motion 

■ Inasmuch as the motions of the Earth provide us with our 
basic units of time, the year and the day, and also account for 


The departure from a sphere is 
greatly exaggerated in the dia¬ 
gram. The equatorial radius is 
3963.3 miles (6378.4 km),, the 
polar radius is 3950 miles (6356.9 
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seasonal changes of climate, it is appropriate to examine them 
with some care. These motions are of further interest because 
they serve to illustrate the several fundamental scientific laws 
by which they are explained. 

In the first place, the course which we follow about the Sun is 
an ellipse and not a circle. An elhpse is a symmetrical, closed 
curve with unequal diameters (Fig. 3). On the longest diameter, 
there are two points called foci. The sum of the distances to the 
foci from any point on the ellipse is always the same. In the 
figure, AFt = BFi + BF^ = CFi + CF^. For our pur¬ 

pose this is the most important property of the ellipse. 



Left, ^ ellipse, the points Fi and F 2 are the foci. The diameters are shown by the 
broken lines. Right, the same ellipse to illustrate Kepler's second law. The diagrams 
are explained in the text. 

The astronomer Kepler was the first to recognize the elliptical 
shapes of planetary orbits and his discoveries may be summed up 
in his three laws. 

Kepler’s first law states that the path of each planet is an ellipse, 
with the Sun located at one of the foci. His second law is less simple 
and may be stated thus: In equal intervals of time the radius of 
the orbit of a planet sweeps out equal areas. In Fig. 3 the two shaded 
portions ABS and CDS are equal in area. The same time would 
be consumed by a planet in its journey from A to 5 as it would 
require to travel from C to D. Because the distance AB is longer 
(along the circumference of the ellipse) than the distance CD, it 
follows that a planet when closer to the Sun will move more 
rapidly than when it is farther away. In Fig. 3 the ellipses shown 
are far more eccentric (flattened) than the actual orbits of the 
planets. An accurate diagram of the path of the Earth could only 
be distinguished from a circle by careful measurement. 

Kepler’s third law states that the squares of the periods of two 
planets are proportional to the cubes of their distances from the Sun. 
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(The period of a planet is the time required for it to complete a 
journey around its orbit.) In symbols: 

T^_Dl 
- W ■ 

The letters Ti and Di indicate respectively the period and the 
distance of a given planet. and A are the period and distance 
of a second planet. 

By measuring the distance that separates a planet from the Sun 
we can compute its period by means of the law, if we know the 
period and distance of another planet; conversely, the distance 
can be computed if we know the period, provided we know both 
the period and distance of a second planet to use as a standard. 

The most noticeable effect of the Earth’s rotation is our daily 
journey into the light of the Sun and back again into the darkness 



Fig. 4. inclination of the axis of the eahth 


The axis about which the hearth rotates is always directed to a point in the sky 
near Polaris, Notice that the north pole is tilted away from the Sun when the PJartn 
is closest to the Sun. 

of night. To understand the gradual change in the lengths of day 
and night and to explain the yearly cycle of four seasons, we must 
take into account the inclination of the axis about which the 
Earth rotates. This axis is not perpendicular to the plane formed 
by the Earth’s elliptical orbit but is tilted 23}° away from this 
perpendicular position. Furthermore, the axis of the Earth re¬ 
mains parallel to itself throughout the entire yearly journey; it 
is always directed toward a point in the sky known as the celestial 
pole, not far from the North Star (Polaris).’ Wherever the Earth 
may happen to be, its axis is always pointing in the same direc¬ 
tion (Fig. 4). 

The Sky 

As a result of the turning of the Earth, the stars seem to revolve 
in the sky, or rather the entire sky seems to rotate, carrying the 

^ In this discussion the slow changes that take place in the position of the stars are ig¬ 
nored, nor is account taken of the slow periodic shifting of the Earth’s axis that is called the 
precession of the equinoxes. 
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stars with it (Fig. 5). Were we to stand at the north pole, the 
North Star would be almost directly overhead and all the stars 
would appear to be describing circular paths about the celestial 
pole. From positions farther to the south, but still in the northern 
hemisphere, Polaris would lie to the north of us and its position 
above the horizon would depend upon the latitude of the observer. 
The stars, however, would still appear to be following paths about 
Polaris. If the atmosphere were clear, those stars which are in 
the same region of the sky as Polaris would remain visible all night 



Fig. 5. apparent rotation op the 

STARS 

The camera was directed toward the 
North Celestial Pole, with an exposure 
of several hours, so that each star ap¬ 
pears as an arc. Photograph by Joseph 
Coburn Smith, Colby College. 


long, those farther south would be observed to rise in the east and 
set in the west. Polaris and its neighbors are invisible from the 
southern hemisphere, and we who live in the north temperate 
zone cannot see many of the constellations that are familiar to 
the inhabitants of Australia. 

To define the positions of celestial objects we make use of a 
system similar to terrestrial latitude and longitude. One point of 
reference is the celestial pole, the second is the zenith. The zenith 
is the point which lies directly overhead, wherever we may stand. 
Oply at the north pole would these two points coincide. The 
celestial meridian is a line drawn through the celestial pole and 
the zenith, and extended to the northern and southern horizons. 
True north and south are defined as the intersections of the celes¬ 
tial meridian with the respective horizons. To find a given star 
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it is necessary to know at what time the star crosses the meridian, 
and the angle of the star above the horizon measured along the 
meridian. Knowing the time when a star crosses the meridian we 
can compute its angular distance from the meridian at the time 
when we wish to make the observation. This information may be 
secured from a nautical almanac, together with the data required 
to convert the time shown by the observer’s watch to astronomer’s 
time.^ The latitude of the observer must also be taken into con¬ 
sideration to compute the angular elevation of the star. Polaris 
is almost at the zenith for a man at the north pole but it appears 
to sink toward the northern horizon as one travels to the south. 
Similarly, the elevation of any star as it crosses the meridian 
depends upon the latitude from which it is observed. 

Star maps provide a convenient guide for the layman who is 
concerned only with finding or identifying the stars that are visible 
to the naked eye. Many such maps can be purchased; they vary 
chiefly in the scales and in the amount of detail presented. Figure 
6 is a star map of the simplest type; it includes only the brighter 
stars that may be seen in the northern hemisphere. Four con¬ 
centric circles are drawn from the celestial pole which forms the 
center of the map; these circles mark distances of 25, 70, 90, and 
115 degrees away from the celestial pole. The map shows the posi¬ 
tions of the stars as we see them, looking up at the sky, not as 
though they were projected onto a plane; hence until one becomes 
accustomed to its use, the map should be held above one’s head. 
To orient the map it is necessary to find Polaris and some known 
star or group of stars that can be used as reference points. For 
this purpose Ursa Major (the Big Dipper) is the group usually 
employed. It consists of seven stars arranged, as its name implies, 
in the form of a dipper. The extension of a line drawn through 
the two stars that form the outer side of the cup passes close to 
Polaris. When these have been located, the map is rotated so as 
to bring Ursa Major into the same direction with respect to Polaris 
that it has in the sky. A line drawn to Polaris from the third star 
in the handle of the Dipper and extended about the same distance 
beyond, will encounter Cassiopeia, a conspicuous group of stars 
forming a warped W. This group serves as a convenient check on 
the orientation of the map. The part of the sky which is visible 

^ Astronomical time reckonings are based on the sidereal day, ■which is approximately 
4 minutes shorter than the 24 hours measured by our clocks. Detailed explanations may be 
found in standard works of reference. 
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depends upon the latitude of the observer, the time, and the date, 
and consequently the map covers more of the firmament than can 
be seen at any given time and place. From the north pole, stars 
90° away from the celestial pole would lie on the horizon, and the 



This chart includes only the more conspicuous stars visible from the northern and 
middle latitudes of the northern hemisphere. The names of the brightest stars appear 
in capitals, the names in lower case letters are those of star groups and individual 
stars that may be needed for reference. The broken lines are included because stars 
are easier to find and to remember if they are associated with a geometrical pattern. 
More <letailed star maps should be consulted for names that are not shown. 

stars beyond would be screened by the Earth. The visible portion 
of the sky is that part which falls within 90° of the zenith; this is 
true for an observer at any latitude, and at any time. 

The Seasons 

The inclination of the axis of the Earth to the plane of its orbit 
gives us the cycle of climatic changes that we call the four seasons 
of the year. It is to be recalled that the axis of the Earth is not 
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only tilted but also that it always “points” in the same direction. 
At one position in its orbit, the northern hemisphere is canted 
away from the Sun, and at the opposite side of the orbit, half a 
year later, it is inclined at the same angle toward the Sun. In the 
northern hemisphere these two positions are occupied respectively 
during our winter and summer; in the southern hemisphere the 
two seasons are reversed (Fig. 7). 

Regardless of the position of the Earth in its orbit, one half is 
always illuminated, and one point receives vertical sunshine. In 
our winter the vertical rays strike the Earth on the southern 
hemisphere. The southern limit of verti(!al sunshine is the Tropic 



Fig. 7. winter and summer 


The relative position of the poles and northern and southern hemispheres at the 
solstices. The Sun’s rays may be considered to be parallel because of the great dis¬ 
tance from the Earth. 

of Capricorn; latitude 23 south. When this limit is reached, on 
December 21st or 22nd, we have arrived at the winter solstice. 
Conversely, the Sun lies directly overhead at latitude 23i° north 
(the Tropic of Cancer) at the summer solstice on June 21st or 
22nd. The two solstices mark our shortest and longest days, 
respectively. The midnight sun and long Arctic night may be 
similarly explained (Fig. 8). At the winter solstice no direct sun¬ 
light is received within 23?° of the north pole, that is to say, 
within the area confined by the Arctic Circle (latitude 66i° N.). 
Conversely, on this same date the entire region within the Ant¬ 
arctic Circle is exposed to light. At the summer solstice the condi¬ 
tions are reversed; the south polar regions are in the middle of 
their long Arctic night, while at the same time the north polar 
regions are enjoying an equally long day. 

At two points along the orbit, the axis of the Earth is tilted 
neither toward nor away froift the Sun. In these positions the 
Sun’s rays fall vertically upon the equator, and day and night 
are equal in length on both the northern and southern hemispheres. 
This twelve-hour day and twelve-hour night account for the name 
equinox that is used to describe this condition. We are at the 
vernal equinox about March 21st and at the autumnal equinox 











36 


PHYSICAL SCIENCE 


about September 22nd. In the northern hemisphere our shortest 
day falls at the winter solstice. From then on the days slowly 
lengthen, becoming equal to the nights at the vernal equinox and 
reaching the maximum at the summer solstice. From that time 
on the days grow shorter and the nights longer until we return 
to the winter solstice, and the cycle begins anew. 



FlO. 8. THE SOLSTICES AND EQUINOXES 

The Earth is seen from a point in space above the “north pole” of the Sun. Dis¬ 
tances and sizes are not to scale. 

On account of the elliptical pattern of our orbit we are closer 
to the Sun in winter than in summer. The Sun, it will be re¬ 
membered, is at a focus of the ellipse. As a consequence of this, 
the winter season in the northern hemisphere is shorter and some¬ 
what milder than the winter of the southern hemisphere. 

Inertia and Gravitation 

So far we have been describing the motions of the Earth with¬ 
out explaining them. Some explanations are now in order, par¬ 
ticularly since our everyday experience on the Earth leads us to 
expect that objects in motion will continue to move only if they 
are being pulled or pushed. One of the most fundamental attributes 
of matter is that it resists changes in its state of motion. Force is 
required to change the speed of a moving body; force is required to 
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stop a moving object and to start one that is stationary. Left to 
its own devices, a moving body will continue to move at the same 
speed and in a straight line; or, if not moving, the body will re¬ 
main at rest unless some outside influence is brought to bear upon 
it. This principle was first set forth by Newton and constitutes 
his first law of motion. Every body continues in its state of rest, or 
motion in a straight line with constant velocity, unless acted upon by 
some external force. The resistance to change in motion is called 
inertia. We know from experience that when a train or a car 
comes to a sudden stop, or slows down abruptly, the passengers 
tend to continue their forward motion. Conversely, we tend to be 
flung backward if the car starts forward with a jerk. Similarly, 
a sharp left-hand turn undertaken at too great a speed appears to 
throw us to the right. Actually we tend to keep travelling forward 
while the car is changing the direction of its motion. A further 
illustration is provided by mud, which on becoming detached 
from a spinning wheel flies away in a straight hne, in a direction 
tangent to the circumference of the wheel. 

A car coasting along a level road decreases its speed and is 
brought to a stop by the resistance of the atmosphere and by the 
friction between the tires and the road, between wheel and brake 
bands. On the other hand, a frictionless billiard ball, rolling over 
a level surface in a vacuum, would continue its motion along a 
straight path forever. These conditions obviously cannot be 
obtained in a terrestrial laboratory, but they are closely ap¬ 
proached in the heavens. 

It is now appropriate to inquire why the Earth follows a curv¬ 
ing path about the Sun instead of flying into space along a straight 
line. The answer lies in the mysterious force called gravitation. 
Why such a force exists is not understood, but it can be measured 
and its effects can be predicted and described. 

Every particle of matter throughout the universe has an at¬ 
traction for, and is mutually attracted to, every other particle. 
This force of attraction between two objects is the force which 
causes unsupported objects to fall to the Earth; it is, however, 
essential to realize that falling bodies are only one manifestation of 
gravitation. Two objects are mutually pulled toward each other 
regardless of the direction in which they are separated. Two 
weights suspended from the ceiling at equal heights are linked by 
a gravitative pull that is just as real as the force which the Earth 
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exerts upon an airplane to insure its ultimate return to the ground, 
but in the case of the two weights the force is directed horizon¬ 
tally. Because of the small masses of the weights the force between 
them is almost imperceptible; it is so slight that it can only be 
detected by a careful and rather intricate measurement. 

When the gravitative force exerted between two objects is 
measured, it is found to depend upon the masses of the objects 
involved. If for one object we substitute another of twice its mass, 
the force is doubled. Similarly, if one weight is replaced by a 
second one with but one third its mass, the force will have only a 
third of its original value. The gravitative force thus depends 
directly upon the product of the masses involved. The magnitude 
of the force is also affected by the distance between the objects, or 
rather between their centers, but the relationship is less simple. 
When the distance between the centers of the masses is doubled, 
the gravitative force is reduced to one fourth of its former value; 
if the distance is multiplied by three, the force shrinks to one 
ninth of its original quantity. In mathematical language this 
would be stated: 


r mxm-i 

The expression above can be read as follows: T/te jorce varies di¬ 
rectly as the product of the masses involved and inversely as the square 
of the distance between them. The symbol / designates the force, 
stands for “is proportional to” or “varies as,” mi and m 2 are the 
two masses, and d~ is the distance multiplied by itself.^ 

As far as we are able to detect, the Earth continues its revolu¬ 
tions with unduninished speed. Its inertia keeps it moving and, 
since its path lies through space that is almost completely empty, 
there is little or no friction to retard its motion. If it is encounter¬ 
ing resistance in its flight about the Sun, the effects of the resist¬ 
ance are not sufficient to be measured. Its tendency is to travel 
in a straight line, but this is prevented by the gravitative bond 
which holds it to the Sun. The elliptical orbit may be regarded 
as a compromise between the inertia of the Earth and the force 
which tends to pull it to the Sun. A similar explanation can be 

^ Gravitation is but one of several natural phenomena in which a quantity varies “in¬ 
versely as the square of the distance.” This relationship will be encountered on later pages 
in connection with electrical charges and light intensity. 
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applied to the elliptical orbit of the Moon or to the orbital path 
of each of the planets and their satellites. 

It is generally believed that the energy radiated from the Sun 
is accompanied by a loss of mass. Under these circumstances, 
the mutual gravitative force must gradually diminish, and con¬ 
sequently the radius of our orbit is believed to be increasing very 
slowly. 

Planets 

Although the individual planets are marked by many differences 
in addition to those indicated in the table in the early part of this 
chapter, they are all members of the same family and are con¬ 
trolled by the same laws. In the first place, all the planets are 
travelling in the same direction; if the Solar System could be 
observed from a point in space above the “north pole” of the Sun, 
the motions of all would be counter-clockwise. It is true that 
their orbits differ in eccentricity but the differences are moderate. 
Furthermore, although the various ellipses do not lie in the same 
plane but are somewhat inclined to each other, the departure is 
not very great. 

While the periods (length of the respective “years”) of the 
various planets can be computed from observations of their posi¬ 
tions and can be explained by Kepler’s third law, there is less 
system to their periods of rotation about their axes. For instance, 
it is generally believed that Mercury, the innermost planet, is 
held so firmly in the gravitational grip of the Sun that it is not 
free to rotate independently of its revolution, but always keeps 
the same side directed toward the Sun, with the opposite side re¬ 
maining forever in the shadow. If this is correct its periods of 
rotation and revolution must be equal, and one side is always 
subjected to fierce heat, whereas the opposite side is intensely 
cold. Mars has a “day” almost an hour longer than ours, whereas 
the axial rotations of both Jupiter and Saturn are completed in 
less than one half of the time required by the Earth. 

The Minor Planets 

Mercury is the smallest planet, with a mass approximately one 
twenty-fifth that of the Earth. Its gravitative attraction is too 
feeble to hold an atmosphere. Because of the relatively short 
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distance that separates it from the Sun, Mercury is visible only 
just before sunrise and inunediately after sunset and then only 
at certain times during its period (Fig. 9). 

Venus resembles Mercury in possessing no satellites and in 
occupying an orbit within that of the Earth. Its distance from the 
Sun is sufficiently great so that when it appears as the evening 
star it is visible well above the horizon, and so may be seen clearly 
after the setting of the Sun has darkened the sky. When it is 
relatively close to the Earth, Venus is far more conspicuous than 



Fig. 9. morning and evening stars 

The three circles are the orbits of Mer¬ 
cury, Venus, and Earth. Mercury can never 
appear at a greater angular distance from 
the Sun than the angle MES. The greatest 
angular distance of Venus is given by VES. 
The distance AE is the least that can s^ 
arate Mercury and Earth, the distance EE 
is the greatest. 


any of the other planets, but it is enveloped in so thick an at¬ 
mosphere that we are prevented from observing its surface fea¬ 
tures. 

Mars is the first planet beyond the Earth. Although smaller 
than the Earth, it is provided with two satellites. On Mars alone, 
of all the planets, the surface conditions somewhat resemble those 
on the Earth. The similarities, though not marked, have led to a 
vast amount of speculation concerning the possible existence of 
life on that planet. The Martian atmosphere is thinner than our 
own and permits the observation of seasonal changes that occur on 
the surface of the planet. The north pole is covered by a light- 
colored cap, which spreads outward as winter advances and di¬ 
minishes with the arrival of spring. At the same time the color 
intensity of certain areas deepens gradually with the approach of 
summer. The changes at the pole are interpreted as the waxing 
and waning of a polar cap of snow or ice; the seasonal darkening 
may result from the renewed growth of vegetation with warmer 
weather. While these interpretations may be entirely false, there 
is one thing of which we may be siue: over most of the siurface of 
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Mars and through most of its year, the climate is much colder 
than ours. 

The Major Planets 

Jupiter and Saturn, though much greater in both diameter and 
mass, are much less dense than the Earth; and they diff er from 
the other planets in their large number of satellites. When Saturn 
is observed through a telescope of low power it seems to be sur¬ 
rounded by a ring. With stronger magnifications we can see three 
such “rings” separated by relatively narrow spaces. From the laws 
of physics it can be shown that these rings consist of separate 
particles following orbital paths about the planet and that the 
rings are not continuous bodies as was first supposed. This con¬ 
clusion has been verified by observation; the innermost ring is 
transparent, and the inner part of each ring is travelling at a 
higher speed than the outer part. The origin of the particles 
making up the rings is not known; however, astronomers are 
agreed that the most reasonable hypothesis is that the particles 
are fragments of a satellite that has broken apart. 

Little is known concerning the three outer planets: Uranus, 
Neptune, and Pluto. Of these, the last two can be seen only with 
a telescope; and Uranus is barely visible to the naked eye. The 
discovery of Neptune presents an excellent example of the scien¬ 
tific method of working. When the orbit of Uranus was studied, 
it became apparent that the various points at which the planet 
was actually observed did not agree with the course it should have 
followed according to the calculations made of its orbit. One 
hypothesis suggested that the planet was affected by an outside 
force, pulling it aside and thereby making its orbit slightly irregu¬ 
lar. If this supposed force really existed, it might well result from 
the gravitative attraction of a body lying beyond the orbit of 
Uranus. The only method for testing the two foregoing assump¬ 
tions would be to find the interfering body. The complicated 
mathematical computations required for this step in the problem 
were completed almost simultaneously by two men, working 
independently of each other, and each of the two communicated 
his results to different astronomers. When telescopes were turned 
in the direction indicated, Neptune was found. Its discovery 
offers a convincing demonstration of the use of deductive reason¬ 
ing and the r61e of mathematics in scientific work. 



42 


PHYSICAL SCIENCE 


Pluto, the only planet discovered during the present century, 
was also predicted before it was found. After a long search it was 
discovered by comparing photographic records made of. the same 
portions of the sky at different intervals of time. The position of 
the planet was indicated by a faint dot that had moved against 
the fixed background of the stars. Because of its small size and 
relatively great distance from us, it is inconspicuous; and at the 
time of writing, its diameter has not been measured. We cannot 
even be sure that it lies on the edge of our Solar System; other 
planets, even more difficult to find, may await discovery beyond 
the orbit of Pluto. 

Comets and Meteors 

Although several hundred comets have been observed, knowl¬ 
edge concerning them is scant. While it is believed that they all 
belong to the Solar System, this can be demonstrated only for 
those that be(^ome visible at regular intervals. Only when a comet 
comes close enough to the Sun to be well illuminated can it be seen. 
It remains visible for a relatively short time, and then it is lost 
until its next return. Halley’s Comet, the most famous of all, 
reappears every seventy-five years; however, the periods of most 
of the known comets are much shorter. Apparently most of the 
comets follow elliptical orbits of considerable eccentricity, that is 
to say, ellipses in which the two diameters are markedly unequal. 
The main part of a comet, its head, seems to consist of an aggre¬ 
gate of fine particles, mingled with dust and gas. These substances 
are held together as a loose and rather irregular cluster. The head 
of a comet may be many times larger than the Sun, but its matter 
is so diffuse that its total mass would be only a tiny fraction of 
that of the Earth. Comets are normally followed by a tail, a 
streak of thinly disseminated gas. When a comet approaches the 
Sun, its tail is deflected away. It is as though the pressure of 
sunlight were sufficient to push the comet’s tail aside, just as a 
light breeze orients a weather vane, and thus the comet may 
actually be preceded by its tail. 

For centuries comets were regarded with dread, and the super¬ 
stitious beliefs concerning them have not entirely passed away. 
However, the Earth has passed through comets’ tails without 
observable increases in war, famine, or pestilence. Comets are 
much less regular in their behavior than the other members of the 
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Sun’s family. When one approaches too closely to a major planet 
its orbit may become changed, and the comet may even be drawn 
into the planet. 



Meteor Crater, Arizona. Photograph by Clyde Fisher, courtesy of American 
Museum of Natural History. 

Fig. 10 


Meteors, or '^shooting stars,” are solid bodies which have 
entered our atmosphere. Most of them are very small indeed, 
the largest ones known would fit in a medium size room. Their 
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velocities are so great that when they encounter the thinly dis¬ 
seminated gases of the upper atmosphere, the collisions with gas 
molecules generate enough heat to make them incandescent, 
sometimes enough to cause them to explode. Most meteors are 
so small that they are completely dissipated by the high tem¬ 
peratures, but many of the larger ones fall to the surface of the 
Earth. These are the meteorites (Fig. 10). Most of them consist 
of rock-forming mineral substances (silicates); some are alloys of 
iron and nickel; others are intermediate between the two types. 
Most meteoric material is slowly added to the Earth as dust; in 
fact accumulations of “cosmic ooze” have been dredged from the 
deeper portions of the ocean floor, far from land, in places where 
other deposits are wanting. Occasionally a meteor, or meteor 
shower, strikes with enough energy to make an appreciable dent 
in the Earth’s surface. In Arizona there is an oval scar, called 
“Meteor Crater,” that was formed in such a fashion (Fig. 10). 
It is a steep-sided depression three quarters of a mile across, sur¬ 
rounded by a rim of shattered rock, so that its depth measured 
from the top of the rim is about 500 feet. This place attracted 
much attention when its mode of formation was first recognized, 
because some of the meteorites found nearby contained the valu¬ 
able element platinum. However, the seekers who hoped to find 
a large metallic lump of iron-nickel-platinum alloy buried under¬ 
ground are still unrewarded. Careful examinations have revealed 
only broken rock in the floor of the “crater.” It is quite likely 
that the impact was not caused by a single large body but by a 
shower of small meteorites. 

The Moon 

Because the Moon is so near the Earth, it is by far the most 
conspicuous object in the night sky; and we are able to see its 
surface details clearly. As a further result of the proximity of the 
Earth and Moon, the mutual gravitational bond between the two 
objects is so strong that the Moon is prevented from rotating 
freely about its axis. Thus the Moon rotates once during each 
revolution, and consequently the same side always faces the 
Earth, and the far side remains hidden from our view. Perhaps 
it would be more accurate to describe the Earth-Moon System as a 
double planet, for, strictly speaking, both Earth and Moon are turn¬ 
ing about a common center of gravity that lies within the Earth. 
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The Moon is too small to retain an atmosphere, hence we are 
permitted to see it so clearly in the full glare of the Sun^s light 
that even relatively small details are visible. Part of its surface 



Fig. 11. THE MdoN 

Note the “craters” and the shadows cast by the mountains. Courtesy of the 
Mount Wilson Observatory. 


seems rather smooth, but much of it is covered with lofty moun¬ 
tains (Fig. 11). In addition there is a large number of welts or 
scars with oval or rounded outlines, somewhat resembling the 
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volcanic craters of the Earth. Their origin is open to question: 
some may be the products of volcanic activity; others may be 
the result of the “splash” of large meteorites that have struck the 
Moon with such force that they have raised circular welts in the 
lunar rocks. The profiles of the mountains of the Moon are much 
more sharp and jagged than similar forms on the Earth, because 
there is no atmosphere and no running water to smooth the harsh¬ 
ness of their outlines. The height of many of these mountains has 
been measured in an ingenious way. In the absence of both at¬ 
mosphere and dust, the shadows cast by the Sun are clearly visible 



Fig. 12. measurement op lunar mountains 


The length of the shadow can be obtained by comparing it with the Moon’s diam¬ 
eter. The angle is the angle between the Sun’s rays and the surface of the Moon. It 
can be computed from the position of the Sun and the position of the mountain 
range. The height of the mountain range can be solved as the second side of a right 
triangle in which an angle and the adjacent side are known. 

through powerful telescopes; and the lengths of the shadows can 
be estimated by comparing them either with the diameter of the 
Moon as a whole or with any measured distance. The angle 
between any particular part of the Moon’s surface and the Sun’s 
rays can be computed from data in almanacs. A simple geometri¬ 
cal construction then enables us to determine the height of the 
mountain (Fig. 12). 

Since the Moon is spherical, one half is always illuminated by 
the Sun; but the illuminated portion that is visible to us depends 
upon the relative positions of the Earth, the Moon, and the Sun. 
Consequently we are aware of various phases, from a slim crescent 
to a complete disc of reflected light (Fig. 13). The Moon is said 
to be new when it lies between the Earth and the Sun; in this posi¬ 
tion the shaded side faces the Earth, and consequently the new 
Moon is invisible. When the Moon has moved to a position where 
a line connecting it to the Earth forms a right angle with a line 
from the Earth to the Sun, the Moon is said to be at the first 
quarter. In this position we can see half of the illuminated side, 
half of a shining disc with its boldly curved edge convex toward 
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the Sun. On the intervening evenings as the first quarter is ap¬ 
proached, the Moon appears as a widening crescent; and each 
evening it sets below the western horizon at a later hour. The 
Moon is full when the illuminated side faces the Earth; this occurs 
two weeks after the new Moon, when it occupies a position oppo¬ 
site to the Sun with respect to the Earth. A week later it reaches 
the third quarter, when again one half of the bright side is visible. 
Beyond this point the illuminated semicircle wanes to a thin 
crescent, and the cycle is begun afresh with the new Moon. The 
phases can best be understood by referring to Fig. 13. It will be 



Fig. 13, phases of the moon 


The outer circles show the positions of the Moon with respect to the Earth and 
Sun. Notice that one half of the Moon is always illuminated. The inner circles repre¬ 
sent those parts of the Moon which appear illuminated from the Earth. Note that 
the crescents are always convex toward the Sun. 

observed that the crescent Moon, whether new or old, is always 
convex toward the Sun. 

Eclipses occur when Earth, Moon, and Sun lie on a line. When 
the Moon intervenes to blot out the light from the Sun, we have a 
solar eclipse; when the shadow of the Earth passes across the face 
of the Moon, there is a lunar eclipse. These phenomena are some¬ 
what infrequent because the plane of the Moon's orbit is inclined 
to that of the Earth. 

Ocean tides are broad and relatively low, wave-like swells, 
raised above the general level of the sea, chiefly by the gravitative 
pull of the Moon but with some influence exerted by the Sun. 
When Sun and Moon are lined up in the same direction, excep- 
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tionally high tides result. At first, it seems rather puzzling that 
the tide should be high not only on the side toward the Moon but 
also on the opposite side of the Earth away from the Moon. The 
general explanation becomes fairly simple if we remember that 
the amount of pull is the same as the gravitative attraction and 
that it varies not only with the masses involved but also inversely 
as the square of the distance. This is the first factor to be taken 
into consideration. The second is that the Earth is acted upon as 
a unit; its rigidity is twice that of steel, and it behaves as though 
the attractive force were acting at its center. Extremely minute 

- Moon 

Solar eclipse (eclipse of the Sun). When the eclipse is total the disc of the Sun is 
completely blotted out, but the shadow of the Moon that is cast upon the Earth is 
only a few score miles in width. 



During a lunar eclipse the Moon is obscured by the shadow of the Earth. 

Fig. 14. solar and lunar eclipses 

tides have been measured within the Earth itself, but they are of 
no significance in the present discussion. As a result of the inverse- 
square relationship in the law of gravitation, the force exerted by 
the Moon is greatest on the side of the Earth facing the Moon, 
less at the Earth’s center, and still less on the far side of the Earth. 
If we call the distance from the Moon to the near side of the 
Earth d miles, then the distance from the Moon to the Earth’s 
center becomes d + 4000 miles, and to the far side of the Earth 
d -|- 8000 miles. The gravitational attractions for the near side, 
the center, and the far side of the Earth become proportional to: 

1 1 1 
d^’ (d -t- 4000)"’ (d + 8000)"' 

The waters on the near side are pulled into a high tide, since water 
is a fluid and the particles are therefore free to move. The solid 
Earth is attracted to a lesser degree and as a unit; it is, as it were, 
pulled away from the waters on the far side of the Earth, where 
the gravitative force of the Moon is weaker. ' 

In the open oceans the rise and fall of the, tide may be so small 
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as to be negligible. The extraordinary forty-foot tides in the Bay 
of Fundy and similar places are the result of the piling up of water 
in shallow funnel-shaped estuaries. 

If the entire Earth were covered by ocean, high and low tides 
would follow one another at regular intervals in response to the 
rotation of the Earth and the revolution of the Moon. Tides, 
however, suffer so much interference from the continents acting 
as barriers and from other complicating factors that their behavior 
is not yet completely understood. 

The Sun 

So far we have considered the Sun merely as the regulator of 
the Solar System; before describing it as a star, it is appropriate 
to take cognizance of its role in the life and activity of mankind. 
The earth and all the other planets were consolidated from Sun- 
stuff. To the Sun we are indebted for the light and heat that 
permit us to live; solar energy is essential to the change from life¬ 
less inorganic material to living tissue (photosynthesis. Chapter 
XXIV), and so directly or indirectly supplies us with food. Simi¬ 
larly, whenever we consume coal or petroleum, we are using solar 
energy, energy that was locked up in the remote past and sub¬ 
sequently stored within the Earth. The Sun evaporates our 
surface waters, and so is responsible for rainfall and water power. 
Occasionally doctors send us out into the sunshine that the bene¬ 
ficial rays may build up our resistance against diseases. With 
such a great bounty bestowed by the Sun upon our Earth, it was 
altogether fitting that many of the peoples of antiquity took the 
Sun God as their deity. 

Important as it is to life on our planet, the Sun nevertheless is 
an average star. Stars are of many types; to some extent they 
differ in mass, but the chief differences which can be observed are 
in size, density, temperature, luminosity, and color. When the 
sky is explored and the stars are grouped according to their prop¬ 
erties, it is apparent that the Sun falls somewhere near the middle 
in all its characteristics. 

Whether any of the other stars are accompanied by planets we 
do not know; they are much too remote for the astronomer to 
answer this question with the tools now available. From the 
quantitative side planets are insignificant, for the Sun contains 
over 99% of the matter in the Solar System. 
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Direct observation of the Sun is of course confined to its surface, 
and, while its density can be computed from measurements of its 
mass and volume, we have no direct knowledge of its interior. 
The surface of the Sun is intensely hot (6000°C) and consists of 
flowing and seething gases. Its temperature may be measured by 
its color, just as the temperature of heated iron is estimated from 
its cherry-red or white-hot appearance. So violent are the writh- 
ings and twistings of the intensely hot matter at its surface 
that they can be seen from the Earth. This activity manifests itself 
as sunspots and solar prominences. The former appear to be huge 
whirlpools or vortices, and their times of maximum activity recur 
at rather definite intervals of a little more than eleven years. The 
sunspots appear dark only because they are cooler than the sur¬ 
rounding material. At the present time they are being studied in 
order to determine the nature and amount of their effect upon the 
climate and radio reception on the Earth. Times of great sunspot 
activity correspond to the magnetic storms which impair the use 
of radio and telegraph. The solar prominences seem to be either 
explosions or the results of a process that might be termed boiling 
over. Fountains of incandescent gas shoot up above the surface of 
the Sun, sometipies to heights of more than half a million miles. 

Although the surface of the Sun is gaseous, it is possible to dis¬ 
tinguish between the hot surface gases and the somewhat cooler 
atmosphere which lies above. This is accomplished by means of the 
spectroscope (Chapter XXXI), an instrument employed to analyze 
light. Spectroscopic studies, depending upon how they are em¬ 
ployed, are used to identify chemical elements and also to deter¬ 
mine the temperatures of highly heated substances. In the light 
that comes from the Sun we find evidence that many of the terres¬ 
trial elements also exist there. The composition of the solar at¬ 
mosphere is determined indirectly by spectroscopic means. Light 
emanating from a given element is absorbed by the same element 
in a cooler state; thus the light that is “cancelled” in passing 
through the Sun’s atmosphere reveals the composition of the 
atmosphere. When the Moon shades the Sun during an eclipse, 
the Sun’s atmosphere may be observed directly. No elements 
unknown on Earth today have yet been discovered in the Sun, 
but it is of interest to note that helium was discovered on the Sim 
before it was known on Earth. 

The Sun is of chief importance to us as a source of energy in 
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the form of heat and light; each square centimeter of its surface 
liberates almost eight horsepower. ^ The source of the energy is a 
complicated and important problem that is concerned with the 
nature of matter. If the energy is produced by the annihilation 
of matter, it means that the Sun is steadily becoming lighter. 
To provide the ne(;essary energy the Sun would need to lose mass 
at the rate of 4,000,000 tons every second. 


NUMERICAL DATA ON SUN, EARTH, AND MOON' 



Sun 

Earth 

Moon 

Diameter 

8.64 X 10^ miles 1 
1.39 X 10« km 

Equatorial 

7,927 miles 

12,757 km 

Polar 

7,900 miles 

12,714 km 

2.16 X 10^ miles 
3.48 X 10» km 

Mean Distance 
from Earth 

9.28 X 10’ miles 
1.‘19 X 10» km 


2.39 X 10* miles 
3.84 X 10* km 

Mean 

Velocity ^ 

12 rb miles/sec 

19 ± km/sec 

18.5 miles/sec 
29.8 km/sec 

3,350 ft/sec 

1.02 km/sec 

Mass 

1.983 X 103«g 

5.97 X 1027 ^ 

7.32 X 10“ g 

Average 

Density, g/cc 

1.4 

5.52 

3.33 


^ In most cases the figures given above arc expressed to the nearest whole number in the 
third significant figure. 

2 Velocity refers to the orbital velocities of the Earth and Moon. The figures given for 
the Sun refer to its motion with respect to the other stars and are subject to correction. 

EXERCISES 

1. At latitude 40"’ N., what is the altitude (angular distance above the horizon) 
of the Sun at noon at the winter solstice? 

2. Are summer and winter of equal length in the northern hemisphere? 
Explain. 

3. Which pair of the nine planets can be most widely separated? Show this by 
means of a diagram. 

4. Two objects are mutually attracted by gravitative force. To what degree 
will the force be changed if the masses of both objects are tripled and the distance 
that separates them is doubled? 

5. Why does the sky look dark at night? 

1 Delivering energy at the rate of one horsepower is equivalent to doing, in one second, 
the work required to lift 550 pounds to a height of one foot. 
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SUGGESTED TOPICS FOR FURTHER STUDY 

Comets Bode’s Law and the Asteroids 

Time: sidereal, solar, and standard Kepler 

Meteorites Newton 

Telescopes Galileo 
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Chapter IV 


Cosmology 


The Stars 

Stars appear only as points of light, whether they are seen with 
the naked eye or through the most powerful telescope. Beyond 
the Sun the nearest one is over four light-years away; the more 
remote stars, near the present limit of visibility, he at distances of 
millions of light-years. The apparent positions of the more 
conspicuous stars that are visible from the northern hemisphere 
are shown in Fig. 6, p. 34. 

Stars differ in many ways, and the most conspicuous difference 
is in their brightness as we see them. Some stars appear faint 
because they are far away; some are faint because they are less 
luminous. If we use the Sun as a standard, we find that some of 
the brighter stars are several hundred thousand times as luminous 
as the Sun, whereas some emit only a fraction of the Sun’s light. 
Similarly, with respect to size, several have been found to be many 
million times the size of the Sun; and others are about the size 
of the Earth. Some are large enough so that if the Sun were placed 
at the center of the star, the Earth would be buried millions of 
miles below the surface. There is less variation in their weights 
than in their sizes and luminosities. In general, the bigger stars 
consist of thinly disseminated matter, while the smaller ones are 
more compact. Another difference is in their color: the hottest 
stars are a bluish-white; and, as we examine progressively cooler 
ones, the colors fall through white, yellow, orange, and red. 
Beyond the red, the stars are no longer visible, and we may think 
of them as dead. 

The compactness or density of stars varies enormously. We 
have already described the largest stars as consisting of somewhat 
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attenuated gas; the more compact ones may have a density 50,- 
000 times as great as water. This means that a pint of average 
substance from such a star would weigh 25 tons. 

Many stars occur in pairs; they swing in elliptical orbits about 
their common center of gravity. Other groups contain three or 
more stars moving in a similar fashion. Many of the double stars 
have orbits in planes that are directed straight towards us so that 
we see the orbits edgewise. Consequently, the stars are constantly 
eclipsing each other, and they are recognized as multiple stars by 
the periodic changes in their light. 

Astronomical Telescopes 

By means of a telescope the planets can be magnified so that 
they appear as discs; but the stars, because of their great distance, 



In the refracting telescope the parallel rays of light are bent to a focus F by the 
large lens L and from there pass through a smaller lens L\ to the observer’s eye at 0 . 
In the reflecting telescope the light rays are focussed by the concave mirror M\ upon 
a smaller mirror M2 which directs them through a lens L2 to the observer Oi. 

remain as tiny points. Telescopes are employed, not because they 
yield a larger image of a star, but because, in effect, they make the 
stars brighter. When we see an object, say a star, we perceive it 
because a certain number of “light rays” pass through the pupil 
of our eye and are brought to a focus on the retina by means of 
the lens. The amount of light received depends upon the diameter 
of the pupil. Since the diameter of even a small telescope is much 
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greater than the diameter of the pupil of our eye, the amount of 
light that is brought to a focus by the telescope is correspondingly 
greater. The more light that is collected, the brighter a star 
appears. 



Fig. 2. the hooker telescope at mount wilson 
The mirror has a diameter of 100". Courtesy of Mount Wilson Observatory. 

The principles on which telescopes are constructed are relatively 
simple, although the instruments themselves may be highly com¬ 
plicated. There are two types, the refracting and reflecting tele¬ 
scopes (Fig. 1). The former, in its simplest form, consists of two 
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lenses, one of large diameter which bends the rays of light and 
brings them together to form an image and a second smaller lens 
through which the image is viewed. Up to the present time it has 
not been practical to manufacture lenses with diameters-greater 
than forty inches. The reflecting telescope makes use of a concave 
mirror, one that is curved like the reflector within an automobile 



Fig. 3. mount wilson observatohy, pasadbna, California 
Courtesy of the observatory. 


headlight. The actual amount of curvature is, however, much 
less than that of the headlight reflector; and its purpose is to 
reflect the rays of light to a single point, the focus. The image 
formed is viewed through a lens. At the time of writing, the largest 
reflecting telescope in use has a mirror with a diameter of 100 
inches (Fig. 2), but a 200-inch mirror is nearly completed. 

To compensate for the rotation of the Earth, the telescope must 
be kept moving as long as it is desired to keep the same celestial 
object in view. In other words, the line of sight must be kept 
parallel to itself so that the field of view will not change. To do 
this the telescope must move through a horizontal angle, as well 
as through a vertical angle. Except for small or portable instru- 
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merits, the turning and tilting are done by machinery. Large 
telescopes are constructed so as to permit the platform and the 
dome to turn simultaneously with the telescope. That is the 
reason why the top of an observatory resembles a metal helmet 
with a crest running down one side (Fig. 3). 

As the science of astronomy advances, photography is used 
more and more. The camera is not only free from prejudice, but 
it has the additional advantage of making its observations in a 
permanent form. Photographic records made of starlight that 
has come through a telescope and been ''analyzed^^ by a spectro¬ 
scope (Chapter XXXI) are particularly useful in determining the 
composition and velocity of stellar bodies. 

There are many observatories scattered over the face of the 
Earth, but not all places are equally favorable for astronomical 
observation. There is a strong tendency at the present time to 
establish observatories in relatively arid regions, so as to secure 
the greatest number of cloudless nights. To escape the dust and 
haze which are frequently abundant in the lower atmosphere of a 
desert, the observatory is usually built upon a hill. 

Astronomical Distance 

Relatively short distances from the Earth can be measured by 
methods very much like those of the terrestrial surveyor, by the 
use of angles and a base line of 
known length. Suppose that from 
two observatories telescopes are 
pointed at a definite spot on the 
Moon at the same time. The 
length of line that connects the two 
observatories is readily computed, 
and the angle that each telescope 
makes with this base line can 
be obtained. We are now in 
possession of a triangle in which 
two angles and the included side 
are known. The trigonometric solution of the triangle yields the 
lengths of the other two sides and thus the distance to the Moon 
(Fig. 4). No base line measured on the Earth can be greater than 
the Earth's diameter, a distance that is much too short for measur- 
ing objects far out in space. However, a much longer base line is 



£ 

Fig. 4. measuring the distance to 

THE MOON 


Telescopes at two points on the 
Earth, A and B, are directed toward a 
point P on the Moon. The distance 
AB can be computed, also the angles 
ABP and BAP. In triangle PAB two 
angles and the included side permits cal¬ 
culation of the distances AP and BP. 
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provided by the diameter of the Earth’s orbit. Six months from 
now, in our journey about the Sun, we will be approximately 
186,000,000 miles from our present position. When a star is viewed 
from several points along the Earth’s orbit, it will appear in a 
slightly different direction at each observation and this change 
may be used to estimate its distance. However, this longer base 
line is only satisfactory for the nearer stars; most are so far away 
that there is no apparent shift in their positions when they are 
observed from different points along the orbit of the Earth. Also 
it is to be emphasized that this shift in direction, which arises 
from the orbital motion of the Earth, amounts to less than a 
second of arc, even for those stars which occupy positions rela¬ 
tively close to the Sun. 

The method employed to measme the distance to remote star 
groups is one of the outstanding achievements of modern as¬ 
tronomy, worthy of our most careful attention even if we do not 
understand all the principles upon which it is based. Let us 
suppose, to begin with, that every star in the sky were to shine 
with precisely the same degree of intrinsic brightness as all its 
neighbors. If this were true, all we would need to know would be 
the candle power ^ of one star, then the distance to any star could 
readily be estimated by its apparent brightness. Distant stars 
would look dull; the nearer ones would be bright. Thus if the 
actual luminosity of a star can be determined, its distance can be 
computed from its apparent brightness. Conversely, if the dis¬ 
tance to a star be known, its candle power can be judged from its 
apparent brightness. 

Fortunately there are certain stars which permit a fairly direct 
approximation of their distances. These are the stars called 
Cepheid Variables. As their name implies, they fluctuate in 
brightness. The peculiar character that distinguishes them is 
that they rise to a maximum brightness and wane to their dimmest 
appearance at regular intervals. (They, however, are not to be 
confused with the star-pairs that eclipse each other.) After a 
large nmnber of Cepheid Variables had been examined it became 
apparent that the ones with equal luminosity all had the same 
period of fluctuation. This fact, of course, could only be estab¬ 
lished for those among them that are near enough to measure 

^ Intensity of a light source is measured by its candle power. The candle seems unsatis* 
factory in scientific measurement, but the unit was established long before electric lighting 
was discovered. Intensity of light sources and illumination are discussed in Chapter XXXI. 
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distances and thence their actual luminosity. Wherever a group 
of stars contains a Cepheid Variable the distance to that group 
can be closely approximated from the period of the light fluctua¬ 
tion. The period discloses the luminosity, and the distance is 
computed by comparing the apparent brightness with the lumi¬ 
nosity. At the present stage of our knowledge the method outlined 
above is purely empirical and based on a statistical study of the 
Cepheid Variables. Why their luminosity should fluctuate and 
why the luminosity is related to the period of fluctuation are 
questions that still remain unanswered. 

Size and Mass 

Since stars are seen only as points of light, indirect means must 
be employed to determine their sizes. The method usually used 
requires that the luminosity and the temperature of the star be 
known. Luminosity is determined from the distance and apparent 
brightness by the method just mentioned. The temperature is 
estimated from the color. The temperature determines the radia¬ 
tion emitted by each square centimeter of the surface. Thus the 
total amount of energy liberated by a star depends upon its tem¬ 
perature and the area of its surface. If two stars are of the same 
size the hotter one emits more light per square centimeter than 
the cooler star. A small but exceedingly hot star may radiate as 
much light as a cooler star that is much larger. Luminosity de¬ 
pends upon both size and temperature. In estimating the size of 
a star, that is, the area of its surface, the total amount of radia¬ 
tion is divided by the amount of radiation per unit area. 

Some stars can be 'Veighed'’ if they occur as pairs or small 
groups and if their movements with respect to each other can be 
observed. From the size of their orbits and the length of their 
periods it is possible to compute the gravitational force ^ that 
controls their motions. The magnitude of the force permits an 
estimate of the masses of the stars in the pair or group. 

Larger Units 

Stars may occur singly, in pairs, or in groups of several stars. 
Many of them are included in the much larger aggregates called 
globular clusters (Fig. 5). Each of these clusters consists of an 
enormous number of stars, arranged in a more or less spherical 

^ Fore©, mass, and motion are described in Chapter VII, 
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form. The clusters appear to display a fairly regular structure, 
with their centers more thickly populated with stars than the 
outer portions. Fortunately, many of the clusters contain Cepheid 
Variables and so afford a means of measuring their distances. 
Because of this and also because of their fairly regular distribution 

through space. Professor 
Shapley of Harvard has 
used the globular clusters 
in mapping out the distri¬ 
bution of stars in our gal¬ 
axy. 

The largest unit of star 
distribution is the galaxy, 
a sort of super-family of 
stars. The galaxy of which 
oiu" Sun is a member occu¬ 
pies a section of space hav¬ 
ing the shape of a thickened 
disc, something like an old- 
fashioned watch. While 
there is no final agreement 
as to its dimensions, the 
greatest diameter is some¬ 
where between 100,000 and 
300,000 light-years. The 
number of stars is of the order of 100,000 million. The Sun occu¬ 
pies a position somewhere near the equatorial plane of the galaxy 
and about two thirds of the radius distance from the center. 

In looking at the stars on a clear night, we are sometimes aware 
of a broad but hazy band of light stretching across the sky. This 
luminous veil is called the Milky Way and is produced by an 
enormous number of stars that are too remote to be seen as in¬ 
dividuals, but which together produce a somewhat feeble illumi¬ 
nation. The direction of the Milky Way is the direction across 
the thickest part of the galaxy; in other directions there are fewer 
stars between us and the surrounding space. All the stars in the 
system are revolving around the center of the galaxy; so, in 
effect, the entire galaxy is rotating through the combined motions 
of its component parts. 

Our galaxy is one of many. With the instruments now available 



Fig. 5. globular cluster 
Courtesy of the Mount Wilson Observatory. 
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it is possible to see something like two million other galaxies, all 
of them far beyond our own. The most distant one which is 
visible with modern instruments is estimated to be 500,000,000 
light-years away. The number that will be visible when more 
powerful telescopes expand 
the radius of the visible 
universe is left to your 
imagination. The galaxies 
beyond our own are called 
nebulae (clouds), and most 
of them seem to have a 
disc-like or, less often, a 
globular form. Some take 
the shape of flat spirals. 

These are illustrated by 
Figs. 6 and 7. Some neb¬ 
ulae are thought to be 
great clouds of thin gas 
from which no stars have 
yet been formed; others 
are believed to consist of 
a small number of young 
stars still enveloped in the 
gaseous matrix from which 
they were condensed; and still others may represent aggregates 
of completely formed stars. 

Space 

The universe is large and, from our viewpoint one may justly 
add, almost empty. In the previous chapter, we prepared an 
imaginary model with the Sun less than an inch in diameter, 
several hundred miles from its nearest star neighbor. The rest of 
the galaxy may be mapped on the same scale, with various other 
objects from the size of sand grains to spheres several feet across 
to represent the different stars; but for the most part the distances 
between the stars would be even greater than they are in our part 
of the universe, for we seem to reside in a relatively densely popu¬ 
lated part of the sky. Between the stars and between the galaxies 
there is only space, not completely empty, but far more empty 
than any vacuum created by man. 



Fig. 6. the great nebula in andromeda 
Courtesy of the Mount Wilson Observatory, 
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The distances through space from star to star are vast beyond 
our comprehension, and we have no way of imagining them. When 
we see a star a million light-years away, we see it by virtue of 
light that has been travelling for a million years before it enters 
our telescope. We see it not as it is today, but as it was a million 
years ago. 

How far does space extend? Are we to think of it as continuing 
in every direction forever and without a limit, or shall we surround 
it by a boundary? To most of us both of these concepts seem un- 



FiG. 7. A SPIRAL NEBULA 
Courtesy of the Mount Wilson Observatory. 


reasonable, and for a more satisfactory answer we must turn to 
the explanations offered by Professor Einstein and his fellow 
cosmologists. They present us with a universe that is finite but 
boundless. Their cosmos has a certain definite size, contains a 
certain definite amount of space, but it has no bounds or limits. 
The usual illustration called into service to explain this is that 
of a man or an insect travelling over the surface of a sphere. The 
traveller can go on forever in the same direction : he may cross his 
own trail but he will never come to an edge or an end. Neverthe¬ 
less, he has only a fixed amount of surface to travel on. This 
model is not to be taken too seriously, for it lacks an essential 
dimension. To say that space is curved has little meaning for 
most of us. Nevertheless we are assured that light, travelling 
through the universe, will ultimately return to the place from 
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which it started. For most of us these ideas seem speculative and 
nebulous, but there is a steady accumulation of evidence in their 
support. Unfortunately a “working model” of space can be made 
to exist only in the symbols of the mathematician. 

Supposed Origins of the Solar System 

Although no one knows how the Earth and the other planets 
were formed, all scientific studies indicate that they, together 
with their satellites, were in some fashion born of the Sun. This 
view is held for two reasons; first, because the elements which are 
known to exist on the Sun are no different from those we find on 
the Earth; and, secondly, because the Solar System constitutes a 
compact single unit, isolated in space. Furthermore, the planets 
display a remarkable regularity in their sizes, spacing, and mo¬ 
tions, so that it seems most probable that all of them originated 
in the same way. We would expect to find a much more haphazard 
arrangement of the Solar System, had the planets and their 
satellites been adopted like so many stray children during the 
Sun’s journey through space. 

Of the many ingenious explanations brought forward to account 
for the beginnings of the Solar System, three have been of particu¬ 
lar importance as scientific contributions. They are presented 
briefly on the following pages; but it is to be strongly emphasized 
that these ideas are hypotheses, tentative explanations, and no 
one of them can be regarded as a theory. 

The Nebular Hypothesis of Laplace 

Toward the close of the eighteenth century the Nebular Hy¬ 
pothesis was presented to the world by a French philosopher and 
mathematician named Laplace. Although it no longer receives 
serious consideration, it cannot be dismissed lightly, because it 
was not only the first scientific explanation for the Earth’s origin, 
but it was the only one extant for over a hundred years. 

Laplace assumed that the Sun was once considerably larger 
than now, much less compact, and rotating on its axis. As time 
went on, the Sun gradually condensed and shrank, and at the 
same time increased its speed of rotation. The more it contracted 
the faster it spun, but in doing this it lost its spherical form. The 
increase in speed, greatest at its equator, gave it an equatorial 
bulge, like the equatorial bulge of the Earth but far more pro- 
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nounced. Ultimately the outer part of the bulge was thrown off 
to form a ring. Presumably it would have looked from afar like 
the rings of Saturn. The Nebular Hypothesis required for its 
next step that this ring gathered itself into a ball of hot gas, 
which gradually cooled to a liquid and finally solidified to a firm 
planet. 

In the meantime the Sun, somewhat reduced in size, would be 
engaged in its accelerating spin and would cast off a second ring 
in the same way to form a second planet, and so on until they 
were all complete. According to this hypothesis, each planet 
passed through a gaseous stage to a liquid and finally became 
solid. In the later years of the nineteenth century so many 
mathematical and physical objections to the idea of Laplace 
were discovered that the h5q)othesis had to be abandoned. 

The Planetesimal Hypothesis 

Early in the present century the Planetesimal Hypothesis was 
formulated by Chamberlin, a geologist, and Moulton, an as^ 
tronomer, at the University of Chicago; and nearly all later 
hypotheses have made use of their most fundamental idea. This 
hypothesis begins with the Sun, larger and somewhat younger 
than we now find it. Next, it is postulated that another star 
passed by at a high speed. The passing star exerted an enormous 
tidal pull on the Sun, just as the Sun and Moon raise tides in the 
waters of the oceans and large lakes. However, this tidal force 
was so strong that a vast amount of matter was pulled out of the 
Sun, so far out that much of it could not be pulled back after the 
passing star had departed. Just as tides are raised simultaneously 
on opposite sides of the Earth, matter was pulled loose on the 
opposite side of the Sun. Such a process might well be aided by 
the Sun itself, because its surface seethes and boils, and it some¬ 
times propels vast quantities of matter for hundreds of thousands 
of miles above its surface. It is further postulated that the passing 
star not only pulled much matter out, but it also wrenched matter 
after it toward a succession of points occupied by the star while in 
the vicinity of the Sun. Some of the material might follow the 
passing star and never return; some would surely be drawn back 
into the Sun. We are concerned with the matter that was set in 
motion, whirling about the Sun, travelling too fast to be recap¬ 
tured, not travelling fast enough to escape. We have, at this 
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stage, a picture that might resemble the great Nebula in Androm¬ 
eda (Fig. 6) on a very much smaller scale. 

The matter was disrupted as a hot gas but is supposed to have 
cooled and condensed to form Planetesimals, discrete solid par¬ 
ticles. Scattered through the two arms there were knots, or large 
aggregations of planetesimals. All of this matter, the knots and 
the widely scattered Sun-stuff, we are to imagine as following 
elliptical paths about the Sun. Collisions must have been frequent, 
and each collision is thought to have increased the size of the 
larger knot involved in the accident. Each of our planets is the 
finished product of innumerable captures, captures which may 
still continue just as the Earth today is receiving small contribu¬ 
tions in the form of meteorites and meteoric dust. Satellites of 
planets are to be accounted for by the presence of original double 
knots or multiple knots. Each planet, moreover, must be regarded, 
according to this hypothesis, as built from cold matter; and in a 
general way each planet would approach homogeneity of internal 
composition. 

The Tidal Hypothesis 

More recent hypotheses for Earth origin have been suggested 
by different individuals. Nearly all of them begin by assuming 
the near approach of a star to the Sun, but from this point on they 
differ from the Planetesimal Hypothesis. Nevertheless, most of 
them are sufficiently alike to be grouped together under the general 
heading of the ^^Tidal H 3 q:)othesis.'^ This name is somewhat 
ambiguous because the hypothesis described in the previous para¬ 
graph also depends upon tidal forces. 

The essential difference between the Planetesimal and Tidal 
Hypotheses is that the latter postulates the withdrawal from the 
Sun of a long cigar-shaped mass of extremely hot gaseous material 
instead of twisted arms with wisps and particles of cold material. 
During the passage of the visiting star and its departure from 
the scene of action, the ''cigar^' of heated matter would change in 
form to a boomerang-like body which would be set in motion 
around its parent sun. From this boomerang, the planets are 
formed by condensation at various centers. From the tapering 
form of the boomerang it follows that the larger planets should 
occupy a middle position and the smaller ones should be nearest 
to the Sun and farthest out in space. 
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During the early stages, when the planets were newly condensed 
from the Sun-stuff, they followed elliptical paths of considerable 
eccentricity and gradually acquired the more nearly circular orbits 
of today. Also in this early stage, during eac^h complete lap of their 
journey, they would come close to the Sun, or at least closer than 
they get now. Each time they approached close to that body there 
would be a tendency for the Sun to pull from the planet a toll of 
material which might never be drawn back to its parent planet. 
In this way substance was wrenched from the planets to form 
satellites, just as matter was torn from the Sun to make the 
planets. This would also account for the fact that the larger 
planets have more moons than the smaller ones, for it can be 
readily seen that the larger planets would take longer to cool, just 
as a red-hot flatiron cools more slowly than a red-hot needle. The 
large planets would remain in a semi-fluid or plastic condition after 
the smaller ones had condensed to hard round lumps, too rigid 
to be plucked by the tidal pull of the Sun. In the Tidal Hypothesis 
each planet and satellite goes through a stage in which it is a 
molten mass. In considering both the Planetesimal and Tidal 
Hypotheses it must be remembered that the close approach of 
two stars, near enough to cause disruption, is a cosmic accident 
of the rarest kind. 

Structure of the Earth 

Up to this point we have been considering the Earth merely as 
a slightly distorted ball that occupies a definite niche in the Solar 
System. For the astronomical description this is perhaps sufficient; 
but, in order to appreciate the speculations concerning its origin 
and to prepare the way for further investigations, it is necessary 
to examine our planet in a more detailed fashion. In the dis¬ 
cussion that follows, care must be taken to distinguish between 
fact and inference. It is to be emphasized that man has only 
penetrated a short distance below the surface. The deepest mine 
is less than 8,000 feet deep, the deepest bore hole only a little 
more than 15,000 feet. 

We know that the density of the Earth as a whole is 5.52 times 
that of water (5.52 g/cc). This figure can be obtained directly 
from the mass and volume, both measurable quantities. By 
examining the rocks that make up our continents it is possible to 
assign an approximate average density of 2.7 g/cc to the surface 
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materials of the Earth. Inasmuch as the substances that consti¬ 
tute the outer portion of the planet are less dense than the average 
for the planet, it surely follows that the material that lies within 
the Earth must have a density greater than the average. 

Two alternatives may be advanced to explain why the deeper 
portions are heavier. It may mean that the core of the Earth has 
a greater concentration of heavy ingredients than the outer por¬ 
tion. In this case we would expect to find the composition chang¬ 
ing with depth, becoming progressively richer in dense materials. 
On the other hand, it might be assmned that the composition of 
the Earth is the same throughout and that the interior owes its 
greater density to a closer packing of materials. In order to ex¬ 
plain the jamming together of much matter in a relatively small 
space, one need only appeal to the intense pressures that must 

Fig. 8. structure of the interior 

OF THE EARTH 

The inner circle, A, represents the 
metallic core, the coiK^cntric shells are in¬ 
dicated by the letters By C, and D. Point 
E indicates the position of an earthquake, 
points Sly 82, and Ss are seismograph st<'i- 
tions. Th(f paths of the earthquake waves 
are shown by linf^s rjidiating outward 
from E. Note that they are (curved down¬ 
ward and change direction on passing into 
different zones. Of the two sets of waves 
recorded at Ni, one has been reflected up 
at the boundary of shells B and C. 



prevail within the Earth, pressures that result from the overlying 
load of rock. 

In the last few years many facts have been accumulated to 
demonstrate that the former alternative is probably correct and 
that the Earth consists of a series of concentric shells, something 
like an onion, but with each shell of a different composition and 
different density. The most generally accepted theory of the 
present day is that the innermost core of the Earth, beginning 
at a depth of 1,800 miles below the surface, consists of a mixture 
or alloy of iron and nickel (Fig. 8). Surrounding this central 
metallic core there is a second shell with its upper boundary 750 
miles below the surface. It is generally supposed to consist of a 
mixture of the iron-nickel alloy with heavy rock substances. The 
third shell occupies a zone above the 750-mile level and below 
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35 miles; its composition is that of a heavy rock, rich in iron com¬ 
pounds, but probably free from metallic iron. The final and 
outermost layer consists of the same mixtures and compounds 
that constitute our continents and ocean floors. Its thickness is 
about 35 miles. 

The existence of the various shells, with boundaries at the 
depths just given, is quite well established; but the supposed 
compositions of the layers are based largely on inference and 
analogy. Some of the evidence on which the foregoing description 
is based will be briefly presented, but much of the explanation 
must await a later and more appropriate place in this volume 
(Chapter XXVII). 

When rocks within the Earth are suddenly broken, the resulting 
vibrations (earthquake waves) travel away in all directions. If the 
shock is of sufficient magnitude, the vibrations may be recorded 
by instruments, seismographs, that may be several thousand 
miles away. The records made by distant seismographs have 
revealed the inner structure of the Earth. In general, when an 
earthquake wave passes to the bottom of one shell and encounters 
its lower boundary, it may either be reflected upward again, much 
as light is reflected from a mirror, or else it may pass into the 
layer inunediately below and proceed at a different speed and in a 
different direction. The speeds of earthquake waves at different 
depths within the Earth are known. At the present time it must 
suffice to say that the time consumed in the journey of the waves 
from the place of fracture to the recording station permits the 
computation of the distance and directions travelled. Paths of 
earthquake waves are shown diagrammatically in Fig. 8. 

The compositions of the various shells are inferred from several 
lines of reasoning, none of them too secure. The increase in iron 
with depth is postulated because iron is the only heavy substance 
that is abundant in the minerals of the surface rocks and partly 
because iron is the element most conspicuous among the meteor¬ 
ites. The last point is of value only if meteorites are fair samples 
of planets that have been broken. 

Because of the density stratification and the presence of definite 
boundaries, modern opinion inclines strongly toward a previously 
molten Earth. With the Earth gradually solidifying from a fluid 
condition, the heavier substances would be expected to sink toward 
the center while the lighter materials would tend to float upon 
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the surface, just as in a blast furnace that is used to extract iron 
from its ores there is a sharp separation between the molten iron 
which sinks to the bottom and the liquid slag that rises to the top 
and floats upon the metal (Chapter XXI). 

Early History of the Earth 

In the absence of a more convincing explanation, let us assume 
that the Earth was at one time a molten mass and attempt to 
trace its early history. To begin with, we are presented with a 
ball of fiery liquid completely enveloped in the thick atmosphere 
of hot gases that have escaped from the seething fluid below. 
Cooling must have progressed slowly, for rock substances are such 
poor conductors of heat that they are frequently employed for 
insulation. Ultimately, however, the outer surface must have 
become cool enough to solidify, and we can imagine a thi:. crust 
forming at the surface. Ice floats on water because its density is 
less than that of water. Rock, on the other hand, is heavier than 
its equivalent liquid and would therefore tend to sink into the 
interior. Its sinking would expose more liquid at the surface. If 
the solid blocks descended into zones that were sufficiently hot, 
they would return to a liquid condition; but this would be accom¬ 
panied by a cooling effect, for heat would be required to bring 
about the remelting. The rate of sinking would be controlled by 
the viscosity of the liquid interior, a fac^tor which calls for a brief 
explanation. Viscosity is the term used to describe the antithesis 
of fluidity in a liquid or gaseous substance. Liquids that flow 
sluggishly, such as molasses or tar, have high viscosity, in com¬ 
parison with more nimble fluids, such as water and alcohol. Vis¬ 
cosity of a liquid is reduced by heating; water at room tempera¬ 
ture is much more viscous than water near the boiling point. As 
the molten interior of the Earth postulated above gradually cooled 
and became more viscous, the blocks would sink more slowly. The 
denser substances would have an opportunity to concentrate near 
the center, as the rate of descent is controlled also by the densities 
of the sinking objects. 

After a thick and rigid crust formed, conditions on the Earth 
would remain inhospitable for a long period. Water condensing 
from the upper levels of the atmosphere would evaporate in falling 
toward the hot surface. No sunlight could filter through the 
dense clouds of gases. These conditions would prevail until the 
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crust cooled enough for water to exist on the surface. The first 
rains falling to the Earth would be controlled by the configuration 
of the crust very much as they are today. Water would flow down 
the slopes and gradually fill the hollows. It is possible that the 
great ocean basins of our known world had their beginnings at 
that time, although we have no clues as to the original topography 
of the Earth. The Sun would shine on the surface as soon as the 
clouds were sufiiciently thinned by condensation to permit light 
to filter through. Although we have no direct knowledge of the 
composition of the primitive atmosphere, it is reasonable to 
assume that it would include the gases that escape from lava 
during volcanic eruptions. Among these, water vapor is by far 
the most abundant. When finally the Earth was endowed with 
water, sunlight, and an atmosphere approximating the present 
one, the way was paved for the development and continuation of 
life. Since that time there have been many changes in the geogra¬ 
phies of the lands and seas, and many fluctuations in the climates, 
but there is no evidence to show that the essential conditions have 
varied enough to interrupt the progress of evolutionary changes 
that have produced the plants and animals of today. 

A careful examination of the rocks making up the continents 
permits us to arrange them in chronological order, beginning with 
the most ancient and ending with those which are being deposited 
or consolidated at the present time. Similar investigation allows 
an interpretation of the environments under which they were 
formed. From these studies two conclusions can be drawn. First, 
we are confident that no trace of the original crust has yet been 
found. The second conclusion is that from the times recorded by 
the most ancient rocks the Earth has been fit for life. For the 
future we turn to the conclusions .of astronomy, and from them 
we learn that conditions on Earth will remain essentially un¬ 
changed through an even longer span of time. There is “. . . no 
vestige of a beginning, no prospect of an end.” 

Conclusion 

Into this chapter many hypotheses have been woven. Some 
of them are frankly speculations, based on insufficient facts; others 
are elaborated from premises that may later prove false. The 
events we wish to reconstruct occurred in a past that is extremely 
remote ; they cannot be observed, nor can they be tested by experi- 
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ment. Problems such as the genesis of the Solar System may 
forever remain unsolved. The hypotheses here mentioned are 
merely tentative explanations that are to be modified or dis¬ 
carded as new evidence illuminates the problems with which they 
deal. Each revision of an earlier hypothesis and each rejection of 
one that is no longer tenable bring a closer approach to the truth, 
and this is the purpose of science. 

EXERCISES 

1. How may the diameter of the Moon be measured? 

2. Which appears larger, the Sun or the Moon? (h'ind the angle suiitended by 
the diameter of each body, by lines drawn from a point on the Earth.) 

3. If the color of a star can lie determined and the amount of light which it 
emits is measured, what other data can be deduced? 

4. Prepare a diagram to show how the distance to the nearer stars is deter¬ 
mined. 


SUGGESTED TOPICS FOR FURTHER STUDY 

Telescopes Nebulae 

Cepheid Variables Sunspots 
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chapter V 


The Electrical Nature of Matter 


One of the aims of science is to try to understand more com¬ 
pletely the constitution and behavior of material things both 
animate and inanimate. The experimental evidence obtained 
while studying the physical side of the question seems to point 
more and more to the conclusion that the most fundamental proc¬ 
esses occurring within matter are electrical in their nature. This 
does not, as might be believed, simplify the study of the constitu¬ 
tion and behavior of matter, for the exact nature of electricity is, 
and will continue to be for some time, shrouded in mystery for the 
scientist as well as the layman. In order that we may be able to 
follow the progress that has been made it will be necessary to 
become acquainted with some of the simple facts of the science of 
electricity. These will now be presented more or less in the order 
of their discovery. 

Electric Charges 

The fact that some substances such as amber, when rubbed 
with fur, acquire the property of attracting certain light objects 
was known even to the ancients (Thales of Miletus, 600 b.c.). 
Not much progress was made, however, for a thousand or more 
years in the direction of understanding the nature of such forces 
of attraction, probably because of the stigma attached in the 
early centuries to the experimental method, now universally 
recognized and used by scientists. William Gilbert (1544-1603), 
who was physician to Queen Elizabeth, gave a name to the phe¬ 
nomenon by borrowing the words vis elecirica (Greek for force in 
amber), from which our present word electricity is derived. Later 
investigation has shown that there are two kinds of forces that 
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arise as a result of rubbing; also it has become customary to say 
that the object that has been so changed by rubbing has become 
charged. The charges obtained on amber when rubbed with fur 
were called negative, whereas the kind produced on glass when 
rubbed with silk were designated as positive. Furthermore, it was 
found that charges of the same kind repelled one another, whereas 
unlike charges attracted each other. A 

simple device which can be used to /\ \ j 

demonstrate this consists of a very / \ \ 

light pithball coated with gold leaf / \ \ 

to make the surface conducting (see / \ \ 

below) and hung from a fixed support / \ 1 / 

by means of a silk thread. The pith- ^ © 0 

ball can be charged with either posi- Rep ul sion Attraction 

tive or negative electricity by contact Fig. 1. attraction and ebpui/- 
with a rubbed glass or hard rubber between charges 

rod, respectively. When two such charged pithballs are brought 
near one another the forces of attraction or repulsion are easily 
demonstrated (Fig. 1). 

In this connection it was found that certain materials used for 


suspending the charged pithballs would allow the charges to leak 
off, whereas others, like silk, would not. The latter materials, 
broadly speaking, are called insulators, although it is true that a 
perfect insulator does not exist because, if left long enough, the 
charges do gradually leak off even with the best insulators avail¬ 
able. On the other hand, substances such as the gold foil, copper, 
aluminium, and, in general, all metals are called conductors 
because they allow the charges to leak off or distribute themselves 
almost instantaneously. 

The experiments with the light pithballs also showed that the 
magnitude of the force is not very great for any charges which can 
be produced by rubbing. The force of repulsion, when charges 
are alike in sign, or attraction, when they are opposite, is found 
to depend on the magnitude of each charge as well as the distance 
between the charges. Increasing the amount of each charge en¬ 
hances this force, but increasing the distance between the charges 
decreases it. Coulomb (1736-1806), a French physicist, showed 
exfierimentally that whenever two charges are concentrated at 
points the force varies directly as the magnitude of each charge 
but inversely as the square of the distance between them. The 
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type of apparatus which he used is shown in Fig. 2. A very light 
rod (made of a piece of straw) was suspended so as to hang hori¬ 
zontally by means of a fine silk thread attached to the center. 

This thread in turn was fastened at the up¬ 
per end to a torsion head which could be 
rotated around a vertical axis. The horizon¬ 
tal rod had at one end a small charged pith- 
ball (marked C 2 in the figure) and at the other 
end a small counterweight c. Another 
charge Cj on a small pithball was brought 
near the charge C 2 so as to deflect the rod. 
The small pithballs with their spherically dis¬ 
tributed charges have an effect which closely 
approximates point charges. The force of 
attraction or repulsion could then be meas¬ 
ured by observing the amount of rotation 
of the torsion head which was necessary in 
order to bring the charge Co back to the 
original position. In this way Coulomb was 
able to show that the force between the 
charges Ci and 62 was directly related to 
the magnitude of ei and 62 , and also that the 
force varied inversely as the square of the 
distance. Expressed in mathematical nota¬ 
tion and in the proper units: 



F = 


C1C2 


SION BALANCE FOR ES¬ 
TABLISHING THE LAW 

OF FORCE BETWEEN ^j^gre F represcuts the force, which is usually 

CHARGES , . , T , 1 

measured m dynes, and when so expressed, 
and 62 are the amounts of the charges in electrostatic units 
of charge (esu) and d the distance between the centers of 




Q- 


Fig. 3. the foece of repulsion due to charges of like sign 


the two small spherical charges, or point charges, in cen¬ 
timeters. The dyne is the fundamental unit of force in the 
CGS system. Its magnitude may be judged approximately from 
the fact that the pull of the earth on an ant (which weigjis about 
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1 milligram) is about 1 dyne. Stated a little differently: your 
hand would have to exert an upward force of 1 dyne in order to 
hold up an ant. The dyne is obviously quite a small unit of force 
(Chapter VII). The electrostatic unit of charge is defined as that 
amount of charge which when placed in vacuum 1 cm from an 
exactly similar point charge will be repelled with a force of 1 dyne. 

The Electroscope 

An instrument designed for detecting small amounts of charge 
is based upon the law mentioned in the previous paragraph. At 
present it is being used extensively in X-ray and cosmic-ray 
research, since these rays produce minute charges in the air. In 
medical work it is used to measure the strengths of radium 
samples. The device is known as an electroscope, and the prin¬ 
ciple upon which it works can be seen from Fig. 4. A metal part 
C has two thin gold leaves L attached 
at the bottom end. This metal system 
is electrically insulated from the box B 
by means of an amber plug /, through 
which the part C passes. The front of 
the box has a glass window, so that the 
leaves may be watched. When a charge 
is put on the metal system ( 7 , it dis¬ 
tributes itself so that some will be on the 
gold leaves LL; and being of the same 
sign on both leaves it will cause them to 
diverge as shown in the figure. When 
there is no charge on the system the 
leaves hang down vertically; hence a electroscope 

deflection shows the presence of a charge, and the extent of the 
deflection indicates the amount of the charge on the electroscope. 

Magnets and Magnetic Poles 

In addition to charge, there is another important electrical 
property of matter known as magnetism. All of the modern 
theories concerning the structure of matter are intimately bound 
up with this quality, which is exhibited to a greater or lesser 
extent by most substances. In its elementary manifestations 
magnetism has been known since the earliest times. Lodestones 
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(the natural mineral magnetite) were known to attract each other 
and pieces of iron as well. One can readily show that certain 
samples of iron, cobalt, nickel, steel, and alloys of iron behave 
similarly and possess the peculiar property of orienting themselves 
in a definite direction when suspended in such a way that they 
can move freely. Everyone has observed the behavior of a pivoted 
magnetic compass needle when allowed to come to rest after a 
slight disturbance. In a definite locality the compass needle always 
comes to rest pointing in the same direction. The knowledge of 
this peculiar behavior in magnetite and iron has been used by 



P’lG. 5. IKON FILINGS HANGING FROM A BAR MAGNET 
AND SHOWING CLEARLY THE REGIONS OF THE “POLES” 

OF THE MAGNET 

mariners for centuries as an aid in navigation. Naturally people 
wondered about the causes of such magnetic action, but be¬ 
cause of the infrequent application of the scientific method of ex¬ 
perimentation in earlier days not much progress was made in the 
study of magnetism until the time of Gilbert (1544-1603). He 
showed that the external effects around magnets seemed to have 
their origin in two fairly small regions, now termed the poles of 
the magnet. The existence of these regions can be demonstrated 
very simply with the help of iron filings. The bits of iron are at¬ 
tracted to the poles and bunch themselves around these ends, but 
not very much at other regions between the poles (Fig. 5). 

Study of the effect of magnets on one another brought out the 
fact that the two poles of a magnet had opposite effects upon a 
single pole of another magnet, there being repulsion in one case 
and attraction in the other. The results of these experiments 
may be summarized by saying: Like poles of two magnets repel,, 
and unlike poles attract one another. In order to distinguish between 
the two types of poles it has become customary to call the end of 
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the magnet which will swing towards the geographic north pole 
the positive, or north-seeking, or simply north pole of the magnet. 
The other pole is given the opposite designation. The diagram in 
Fig. 6 shows how the poles of the magnets act on one another when 
placed in the positions shown. The arrows indicate forces; those 


directed toward one another are 
attractive forces, the others re¬ 
pulsive. 

A qualitative knowledge of 
the nature of the forces acting 
between the poles of magnets 
naturally led to the attempt to 











s N 

Fig. 6. forces acting on the 
measure the magnitude of these poles of a magnet due to another 
forces. Coulomb, who discovered magnet in the vicinity 
the law of force between electric charges (p. 74), was also respon¬ 
sible for the quantitative law in this case. He used an apparatus 
similar to his torsion balance (Fig. 2), replacing the small charged 
spheres by magnetic poles which he produced at the ends of long, 

steel, magnetized knitting-nee¬ 
dles. These experiments showed 
that the force between two magnetic 
poles was directly proportional to 
the magnitude of each pole and in¬ 
versely proportional to the square 
of the distance between them. 
Mat,hematic;ally we can write 
the law in the form: 



F = 


mim2 


when F is the force and TOi and 
Fig. 7. a “floating magnet” the magnitudes or strengths of 
TM MTu-Aiii iiY polcs which urc repelling or 

attracting one another. The 


BEING SUPPORTED IN MID-AIK BY 
THE REPULSION OF ANOTHER MAG¬ 
NET CONCEALED IN THE WOODEN 
BASE 


iiTii f n( TTiHo-netic nole strencth 


defined as a positive pole which, when placed in a vacuum and 
1 cm from an exactly similar pole, will be repelled with a force 
of 1 dyne This definition assumes that the negative poles are 
far enough away so as not to affect the positive point poles as- 
Slimed in the definition. 
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Magnetic and Electric Fields 

The electric charges and magnetic poles which have been dis¬ 
cussed in previous sections are of great interest because of the 
scientist’s belief that they are involved in a fundamental way in 





Fig. 8. several electric fields 


(a) The electric field around a point charge The field is radial and becomes 
weaker at greater distances from e. The field strength at A is less than at B. The 
length and direction of the arrows at A and B r(mresent the forces acting on a unit 
positive charge when placed at these points. ( 6 ) The electric field around a negative 
charge is similar to (a) except that the direction is changed. The field strength at A 
is less than at B. (c) The electric field inside and around a positively charged electro¬ 
scope, of which the case is connected to the ground, (d) The electric field between 
two oppositely charged and parallel plates. Note that the field in this case is uniform 
between the plates (lines equally spaced) except near the edges. 


the constitution of all matter. There is another very important 
consideration in connection with charges and magnetic poles 
which must now be brought forward, namely, the effect which 
they have on the surrounding space or region; this one might 
term their “region” of influence. We imagine the surrounding 
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region to be in a state of electric or magnetic strain due to the 
presence of these charges or poles. The electric field is the region 
around a charge or system of charges which is influenced hy them. 
If all the charges and their positions in space are definitely known, 
then, using Coulomb’s Law, it should be possible to calculate the 
effect which these charges would have on some other charge placed 
in their vicinity. The force thus calculated would give us some 
idea of the strength of the field at such a point. It is, however, not 
always possible to know the location of all the charges which con¬ 
tribute to the field. In any case, the field strength at any point 
in the electric field is defined as the force acting on a unit 'positive 
charge (p. 75) when placed at this point. Electric fields can be 
represented graphi(;ally by lines drawn in the direction of this force, 
and their closeness to one another gives some idea of the strength 


of the field. Such lines are called 


lines of force. The student should 
note that, physically speaking, 
there are actually no lines of 
force, and the device is used only 
to enable us to form some sort of 
picture in our minds of the direc¬ 
tion and strength of the field at 
various points. If a positive 


? + EARTH 

Fig. 9 . charges accumulating 



charge be placed in such a field it in rain clouds produce electric 
will be acted on by a force acting ^ 


along the direction of the lines of force, whereas when the charge 
is negative the force will be in the opposite direi^tion. In Fig. 8 


are illustrated some typical electric fields produced by charges. 


Very interesting examples of electric fields are found in nature 
between charged clouds and at other times between the clouds 
and the Earth. The di*oplets of water which constitute clouds 
become charged, probably by some frictional process, as they are 
swirled around and carried up and down in a cloud. 1 hese charges 
accumulate so that certain parts of the cloud are charged posi¬ 
tively and other parts negatively. This produces fields in the 
space or region between the clouds or between the Earth and the 
clouds. If this electric field becomes great enough the air between 
them, although normally a poor conductor, permits charges to 
flow from one cloud to the other or from Earth to cloud. 1 he dis¬ 
charge is often rapid and on a gigantic scale, and we call it light-- 
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ning. Benjamin Franklin was one of the first to investigate 
charges of this sort. He sent a kite up into a cloud and allowed the 
charges in the cloud to flow down along a conducting string and 
combine with the opposite charges on the surface of the hearth. 
A spark was produced from the lower end of the string to the 


Geographic 



Fig. 10. THE MAGNETIC FIELD OF THE EARTH, SHOWING THE DIRECTIONS OF 
THE FIELD AND THE WAY IN WHICH COMPASS NEEDLES ORIENT THEMSELVES 
PARALLEL TO THE FIELD 


ground. A movement of charges, such as in these experiments, is 
what is meant when we speak of a current of electricity. 

The magnetic field which is produced in the region around 
magnetic poles and magnets includes the whole space which is 
affected by the magnetic poles, wherever such poles may be lo¬ 
cated. This field, just as in the electrical case, can again be repre¬ 
sented by magnetic lines of force which are drawn in the direction 
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in which a positive magnetic pole will be urged; and the strength 
of the field can he measured at any point by the force acting on a unit 


positive magnetic pole when placed 
at the point in question. 

A very extensive magnetic 
field occurs in nature. The Earth 
is found to exhibit magnetic 
properties, just as if a large but 
not very strong magnet were 
buried in the core, with its south 
end pointing in a direction a lit¬ 
tle removed from the true geo¬ 
graphic north pole of the Earth 
(Fig. 10). The reasons for this 
magnetic behavior of the Earth 
are still largely a matter of .specu¬ 
lation, but the effect is very real. 
It is this magnetic field whi(;h the 
navigator uses in determining his 
direction of travel by means of a 
magnetic ciompass. The north 
end of the magnetized compa.ss 
needle always points to the south 
magnetic pole of the Earth, whi(!h 



c d 

Fig. 11. .SOME typical magnetic 

FIELD."' 


(a) Bar nia#?n(‘l. (h) Horseshoe 
magnet. (c) Field between two ex¬ 
tended magnetic poles. (d) A mag¬ 
netic field such as used in electritial 
measuring instruments. The cylin¬ 
drical iron core C helps to make the 
magnetic field in the gap radial. 


is near the northern geographic pole. 


The Electron 

Thus far we have seen that the two properties, electric charge 
and magnetic poles, seem to be pos.sessed by some materials and 
not by others. Furthermore, the magnitudes of these charges and 
pole .strengths are found to vary among the materials capable of 
possessing them. From time to time in the past rather fantastic 
ideas were brought forth in attempts to explain why matter was 
capable of possessing electric charges and magnetic poles, but 
none of these, before the time of Benjamin Franklin, was suffi¬ 
ciently good to warrant being called a theory. In Franklin’s time, 
the “two-fluid” hypothesis was in vogue, and he called the one 
type of charge (fluid) positive and the other negative. Accord¬ 
ing to this hypothesis, there were supposed to be two kinds of 
weightless and transferable fluids. It was postulated that a posi- 
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Lively charged body had an excess of the positive over the negative 
fluid. This and similar hypotheses were supported only by flimsy 
experimental evidence. The first sound information in connection 
with charges came from the work of Faraday (1791-1867), who 
showed that electrical charges occur in definite units. While in¬ 
vestigating the extent of the chemical effect produced by elec¬ 
tricity (Chapter XXXII), he came to the conclusion that, just as 
matter seemed to be made up of atoms, so also electricity occurred 
in small amounts or bundles. Toward the end of the nineteenth 
century confirmation of this atomic theory of electricity was 
obtained from experiments performed by J. J. Thomson, and 
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Fia. 12. Thomson’s experiment for the determination of the velocity 

AND RATIO OF CHARGE TO MASS (—1 OF ELECTRONS 

\m/ 

others, on the conduction of electricity through gases at various 
pressures. 

The type of apparatus used by Thomson is shown in Fig. 12. 
It consisted essentially of a glass vessel which could be evacuated 
and had sealed into it several metal parts or electrodes. The two 
electrodes shown at the left in Fig. 12 were connected externally to 
the two ends of a machine or battery which kept the one electrode 
negatively charged (cathode) and the other positively (anode), 
so that an electric field existed in the space between them inside 
the tube. The cathode consisted of a flat plate and the anode 
took the form of a cylinder with an axial hole through it. Almost 
all of the original air was pumped from the tube. Under these 
conditions the glass of the containing vessel, especially between 
the cathode and anode, assumed a greenish tinge when the electric 
field was applied; and this was also true for a small region of the 
glass wall on the extreme right and directly opposite the anode 
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hole. When a screen having a coating of zinc sulfide ^ on its surface 
was placed as shown in the diagram, a bright image of the hole 
was seen on the screen. This experiment as well as other similar 
ones, in which shadows of solid objects placed in the tube were 
formed on the glass wall, seemed to indicate the existence of rays 
or particles originating at the cathode and moving in straight 
lines. They were called cathode '‘rays/^ due to their similarity 
to light rays. Bec.ause of the fa(^t that the brightness of the spot 
which they produced on the screen depended upon the strength 
of the electric field between the cathode and anode, Thomson 
investigated the possibility of these cathode rays being charged 
parti(‘les. In order to test this hypothesis, he arranged the tube 
so that the rays, after their emergence from the anode hole, would 
be exposed to an electric and a magnetic field in such a way that 
the former would deflect them upwards and the latter down¬ 
wards. The electric field was produced between the plates A and 
B in the figure, and the magnetic field (shown dotted) was set up 
in the same region; but the latter had to be at right angles to the 
electric field, or, in other words, to the plane of the diagram, so 
that the magnetic force would deflect the particles downward. 
By producing a balance between the effects of these two fields 
so that the particles would remain undeflected in their path and 
also by measuring the effect of each field separately, the following 
facts were established: 

(a) The particles wore negatively charged. 

(b) They travelled in straight lines when no electric or magnetic 
fields acted on them. 

(c) The velocities of the particles after leaving the anode were very 
great, in fact, much greater than any velocities which had previ¬ 
ously been associated with mati^rial objects. The electrons, as 
these particles were called, actually had velocities of the order of 
hundreds of millions of miles per hour. 

(d) Their velocities depended upon the original electric field between 
the cathode and anode. 

(e) The particles were identical in regard to their ratio of charge to 
mass. On the assumption that their charge was the same as the 
amount of charge observed by Faraday (Chapter XXXII) on a 
single charged hydrogen atom, these particles or electrons weighed 
about as much as the hydrogen atom. 

J Zinc sulfide is a material which gives off visible light (becomes luminous) when certain 
invisible light rays or smaU particles having sufficient energy fall on it. Such substances 
are said to be fluorescent. 
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After Thomson’s experiments the evidences for the existence of 
these small electrical charged entities, the electrons, became more 
and more numerous. Perhaps the best evidence for their existence 
came from the researches on the motions of very small particles 
suspended in a liquid or gaseous medium. Experiments on gravi¬ 
tational attraction show that a falling body encountering no 
frictional resistance to its motion increases its speed uniformly. 
When frictional or fluid resistance occurs (for example, air resist¬ 
ance), the body will increase its speed only up to a certain limiting 
value and after this have a constant speed. This limiting speed 
depends upon the size, shape, and mass of the particle, as well as 
the viscous properties of the medium. For particles small enough, 
falling in air, the effect of the numerous collisions with air mole¬ 
cules is great enough so that the limiting constant speed is small 
and can easily be measured. The motions of such particles have 
been investigated, both theoretically as well as practically, and 
their behavior is described in Stokes’ law,^ giving the rate of fall 
in terms of the size and density of the particles and the properties 
of the medium in which the fall takes place. When particles fall 
through a non-conducting medium, some of them may become 
charged; and it was the study of the charges on su(^h particles 
which enabled Millikan (during the years 1906-1916) to show that 
the charges occurred in multiples of a small unit, the magnitude 
of which agreed very closely with the unit charge in Faraday’s 
and Thomson’s work. Furthermore, Millikan was able to make 
precise measurements of the magnitude of this fundamental unit 
of electricity, the electron, a knowledge of which was most neces¬ 
sary for the further development of the electron theory. 

The type of apparatus used by Millikan in his now famous 
^^oil-drop” experiment is shown in Fig. 13. For his particles he 
used small oil drops which were produced by an ordinary atomizer 
and then observed with a microscope. Many of the drops were 
small enough to fall slowly, with constant velocity. Those drops 
which became charged (probably because of friction or contact 
with charged air particles) were detected by applying an electric 
field E across the chamber containing the suspended droplets. 
This would either speed them up or slow them down, depending 


1 Stokes’ law is usually given in the form v 




r^0(D - (^) 
V 


, where v ** velocity of fall, 


r « radius of the spherical particle or droplet, D and d are the densities of the particle and 
the medium, respectively, v » viscosity of the medium. 
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upon whether they were charged negatively or positively. By 
applying an electric field of sufficient intensity to the region in 
which a negatively charged drop was moving downward it was 
possible to retard its motion and even make the droplet move 
upwards.^ The electric field E was established between the two 
parallel plates, and the oil drops entered through a very small 
hole in the upper plate. A very important observation made 
during the course of the experiment was that frequently an oil 



Microscope 


Fig. 13 . Millikan’s oii^drop apparatus for determining the charge of 

AN electron 


drop would suddenly increase its charge and begin to travel 
upwards more rapidly because of this addition. Measurement 
showed that whenever the addition of charges occurred in this 
way there was a lower limit e to the amount of charge added and 
t,hat a droplet gained either this charge or some integral multiple 
thereof. This lower limit was ascribed to the electron charge, and 
Millikan^s work indicates therefore that the (*harge on an oil drop 
consists of one or more electrons and that the electron ^ evidently 
represents the smallest charge that c.an exist. 

The experiments of Millikan, Thomson, and many others, as 
well as the theoretical work of many famous scientists, point to 
the conclusion that electricity is atomic in its nature and that it 

1 The electric; force acting on a charge c in an electric field E applied between the plates 
is Ee and can therefore be varied by changing E. Note that the electrons are negatively 
charged, and hence the force acting on them is in a direction opposite to that of the electric 
field E (upper plate positive). 

» The latest result assigns a value ol 4.800 X 10-'» esu to the charge on an electron. 
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occurs in certain definite units called electrons. Although this 
unit is the most important electrical entity, we shall see below 
that some other electrical particles have been discovered. These 
have made it possible to account not only for the existence of 
electrical charges but actually for all matter itself, the latter 
being, in its fundamental aspects, largely electrical in nature. 
However, the space which has been given here to the electron is 
not out of proportion to its importance, because the electron 
might very well be classified as the "working boy” in practical 
electrical phenomena and plays the leading role in such widely 
different scientific phenomena as electric currents used at home 
and in industry. X-rays, light, chemical changes, heat conduc¬ 
tion, and many others. 

The Fundamental Electrical Particles 

Before leaving the subject of electric charge it is well to mention 
various other electrical entities which have been discovered 
(see table). The existence of the positron was predicted and its 
behavior worked out theoretically by means of the modern quan¬ 
tum theory of the electron before it was actually found experi¬ 
mentally. Strong theoretical arguments were also advanced for 
the existence of the meson some time before particles with the 
predicted properties were found to occur in cosmic rays. These 
discoveries reveal the importance of theory in guiding and stimu¬ 
lating experimental research. 


THE ELEMENTAL PARTICLES AND SOME OF THEIR PROPERTIES 


Name 

Nature or Occurrence 

Charge 

Mass 

Electron 

the elementary nega¬ 
tive charge 

-4.800 X 10-10 esu 

9.03r> X 10-28 g* 

Proton 

core of the hydro¬ 
gen atom 

-1-4.800 X 10-10 esu 

1.659 X 10 24 g 

Neutron 

occurs in the core 
of all other atoms 
(p. 97) 

0 

1.661 X 10-24 g 

Positron 

occurs in certain nu¬ 
clear transforma¬ 
tions 

-h4.800 X 10-10 esu 

9.035 X 10-28 g 

Meson 

found in cosmic rays 

-f or —, possibly the 
same as that of the 
electron 

approximately 2(X> 
times the mass of 
the electron 


♦ This is the mass of the electron when at rest or moving relatively slowly. It increases 
(as it should, according to the theory of relativity) as its velocity approaches that of light,, 
namely, 186,000 miles per second. 
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We have been led to the conclusion that the acquisition of 
negative charge by objects, such as was described in the beginning 
of this chapter, is due to an addition of electrons. How shall we 
account for a system which becomes positively charged? Accord¬ 
ing to our present atomic theory, which forms the subject of the 
next chapter, we must think of matter as consisting of positive 
and negative parts and that a negative charge exists on the matter 
as a whole when there is a superabundance of electrons, whereas 
a positive charge exists when the matter is deficient in electrons. 
In this way, then, the electron plays the active part in the devel¬ 
opment of both positive and negative charges on matter as a 
whole. When an object as a whole seems uncharged, it simply 
means that the amount of positive charge just balances the 
amount of negative charge. 

PRACTICAL APPLICATIONS OF THE FUNDAMENTAL CHARGE 

In the remaining paragraphs of this chapter some important 
practical applications of the fundamental discoveries already 
mentioned will be given. Each of these applications is in itself a 
confirmation of our theory of the electrical nature of matter, for 
no explanations other than those in accord with this theory can 
satisfactorily account for the physical characteristics manifested 
in these applications. 

The Thermionic EflFect 

The experiments of Sir Joseph J. Thomson on the electrical 
discharges in glass tubes containing very little air demonstrated 
the fact that it is possible to liberate electrons from the material 
making up the electrodes and then to have them speed through 
the space between the negative and positive electrodes in the 
tube. Although the number that will take part in this transmi¬ 
gration in a Thomson tube is large, the total charge transferred 
every second is still rather small for practical use. Thomas A. 
Edison discovered that far greater numbers of electrons were 
emitted from an electrode if it was heated. This phenomenon, 
often called the Edison or thermionic effect, has found important 
applications in radio and X-ray tubes, as will be described below. 
The general problem of the nature of the emission or liberation of 
electrons from metals was successfully studied by O. W. Richard¬ 
son, who likened the process to the well-known one involving the 
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evaporation of molecules from the surface of a liquid (Chap¬ 
ter XII). Every liquid is evaporating to a certain extent and, just 
as the rate of evaporation can be increased by heating the liquid to 
a higher temperature (boiling is a case of very rapid evaporation), 
so the electrons can be made to evaporate from a metal much 
more rapidly by raising its temperature. In practical applications, 
when strong electron emissions are desired, the cathode is made in 
the form of a spiral of wire which can be heated to a high tempera¬ 
ture by passing an electric current through the wire in the same 
way as is done in an ordinary electric light bulb. Electrons in 
large numbers evaporate off this heated filament and, if the gas 
pressure in the tube is low enough, they will swarm across to the 
positive electrode (anode) without colliding with the remaining 
air molecules. 


^ Anode 
'^or target 


Fig. 14. a coolidge-type x-ray tube 


Two common applications of this effect are found in radio and 
X-ray tubes. In both cases one starts with a highly evacuated 

glass vessel into which is sealed 

. a cathode of the heated filament 
Anode 

)r target type to act as a source of free 
electrons. In each case there is, 
of course, also a sealed-in anode. 
The X-ray tube in its present 
form is largely a product of in¬ 
tensive research carried out by 

Fio. 14. A COOLIDGE-TYPE X-RAY TUBE Dr. Coolidgeaud is ofteii referred 

to as a Coolidge tube. Such a 
tube is shown in Fig. 14, and it can be seen that the cathode is of 
the heated filament type and that the tube contains an anode 
or positive electrode (the target) which draws the electrons to it. 
If the field ' is strong enough, then the electrons hit the target 
with sufficient energy to produce two results. First, the target is 
heated to a very high temperature because of the impacts of the 
electrons on it; this requires that the anodes of X-ray tubes be 
made of metals having very high melting points {e.g., molybdenum, 
melting point 2620°C). Secondly, and this is more important, 
it is found that very penetrating rays leave the anode from the 
point where the electrons strike it. These rays are not electrons. 
They resemble light very closely and are called X-rays. They 


* The necessary electric field is produced by voltages of the order of tens of thousands of 
volts. 
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differ from ordinary light, however, in that we do not perceive 
them with our sense of sight and that most objects, even though 
opaque to visible light, will let the X-rays through. It is this 
property which makes them so useful in radiography and therapy. 

The radio tube is a device which has found its way into millions 
of homes and has become a very important cog in the large wheel 
of communication. Without the radio vacuum tube the trans- 



FiG. 15. DR. W. D. COOLIDGE AT HIS DESK WITH AN X-RAY 
TURE IN HIS HAND AND ARRAY OF TUBES BEHIND HIM 
Courtesy of Science Service. 


mission of music or speech over telephone wires or through the 
air by means of radio waves would be an impossibility for dis¬ 
tances much greater than a few miles. For such purposes radio 
tubes are made in sizes varying from approximately one inch up 
to several feet in length. Fundamentally, they are glass tubes 
from which as much air as possible has been pumped so that a 
fairly good vacuum exists, and a cathode in the form of a filament 
which can be heated is sealed in at one end, with an anode at the 
other. At high temperatures many electrons, as explained before, 
leave the cathode and go over to the anode, or plate, due to the 
applied electric field. This constitutes a flow of electric current. 
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Plate or 
anode 


Usually another electrode, the grid, is placed between the cathode 
and anode. This, as the name suggests, is in the form of a very 

loosely wound wire frame, so that there 
still remains plenty of room for the elec¬ 
trons to make their way from cathode to 
anode. By giving the grid either a positive 
or negative charge it can be used as a con¬ 
trol for the electron flow. Small fluctuat¬ 
ing charges, such as arc produced by the 
voice speaking into a microphone, are ap¬ 
plied to the grid of such a tube; and they, 
in turn, produce much larger changes in 
the electron stream from filament to an¬ 
ode. In this way the small electric^al cur¬ 
rents set up by the voice in a microphone 
may be amplified millions of times, thus making possible telephone 
or radio communication over great distances. 



Hot filament 
type of 
cathode 

Fig. 16. a three-elec¬ 
trode RADIO TUBE 


Photoelectric Effect 

An entirely different effect from the one just described, in 
which, as we have seen, a heated filament acts as a source of 
electrons, is the photoelectric effect which finds application in 
photoelectric cells. Such devices are operated by a light and are 
used to open or close doors, operate fire- or burglar-alarm systems, 
rapidly sort objects such as buttons into 
batches having various degrees of white¬ 
ness; and they find many other applica¬ 
tions in which a beam of light can be 
made to vary in intensity. 

Such a cell is shown diagrammatically 
in Fig. 17. As before, it consists of a 
highly evacuated glass bulb; but, instead 
of a heated filament, the cathode is made 
of a metal, e.g,, cesium, potassium, or 
sodium, which has the peculiar property 
of absorbing some of the energy of a light 
beam and in its stead sending out elec¬ 
trons, in this case called photo-electrons. It is this phenomenon, 
the conversion of light energy into energy for the liberation and 
ejection of free electrons, that is called the photoelectric effect 



Fig. 17. a simple photo¬ 
electric CIRCUIT 
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After the electrons have left the metal they are drawn over to 
another electrode (the anode), which has been given a positive 
charge by means of a battery. This flow of free electrons con¬ 
tinues in the circuit external to the bulb as long as the light shines 
on the cathode. This current, when amplified sufficiently by 
means of radio tubes, can be arranged to do any mechanical or 
other work required, such as opening a door or ringing a bell. As 
soon as the light is shut off the electron flow in the cell stops 
instantaneously, current ceases to flow in the external circuit, and 
the mechanical or other operation is stopped. It will be noticed 
that the photoelectric effect is really the inverse of the production 
of X-rays: in the former, light liberates electrons; in the latter, 
electrons produce light (X-rays). 

EXERCISES 

1. Very often a person who has walked over a carpeted floor is able to produce 
sparks when his hand is brought near a doorknob. Exiilain this phenomenon in 
detail. 

2. Mention some electrical conductors and insulators found in the home. 

3. Does a magnetic compass needle always (or ever) point towards the true 
geographic north pole? Explain. 

4. How can lightning be imitated artificially? What materials or other con¬ 
ditions are necessary? 

5. Is it possible to obtain (a) a radial electric field? (b) a uniform electric field? 
(c) a radial magnetic field? If possible, suggest ways and means. 

6. Docs Thomson's experiment reveal the same properties of electrons which 
were found by Millikan with his oil-drop experiment? Give reasons for your 
answer. 

7. List some practical applications you have seen of electron tubes. 

8. How can an explorer know when he is at the magnetic pole in the northern 
hemisphere? 


PROBLEMS 

1. How many dynes of force does a negative point charge of 5 esu exert on a 
positive point charge of 20 esu placed 10 cm away? Draw a diagram to illustrate 
the direction of this force. 

2. How much force will act on the charge of 5 esu in the foregoing problem? 

3. Calculate the force (in dynes) which one electron will exert on another at a 
distance of 10~^° cm. 

4. How many times heavier is the proton than the electron? 
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chapter VI 


The Nature of Atoms 


The atomic theory, which postulates that the various forms of 
matter with which we are familiar consist of discrete particles 
(atoms) much too minute to be seen with ordinary microscopes, 
has had a long and interesting development, the discussion of 
most of which we must forego here. Some of the early Greek 
philosophers dabbled with the idea of atomicity; but, since 
Aristotle, who was the most influential of them, believed all 
matter to have the properties of earth, air, fire, or water, or com¬ 
binations of these, and in view of the fact that he was opposed to 
experimentation in any form, no important progress toward the 
understanding of atomic processes was made in their time nor 
for many centuries afterward. In the year 1802, John Dalton, 
an English schoolmaster, announced his atomic theory which was 
based on the assumption that matter was made up of atoms, an 
atom being the smallest part of a substance which can exist. All 
the atoms of the same substance were supposed to be exactly 
alike; and, since there were many different kinds of substances, 
there were consequently many different varieties of atoms. With 
the help of these postulates he was able to explain the fundamental 
laws of chemical combinations ((chapter XVI). Changes, addi¬ 
tions, and improvements have been made in Dalton’s theory; but 
the fundamental assumptions of atomicity are still retained. 

Up to the present, scientists have demonstrated the existence 
of ninety-two fundamental substances or elements which make 
up our universe. Most of these are rather rare, and in a few cases 
it is very difficult to prove their existence. A list of known ele¬ 
ments together with their symbols and the relative atomic weights 
will be found in Appendix V. The numbers given for the atomic 
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weights must not be taken to represent the actual weights in, say, 
grams or pounds but rather as being proportional to them. These 
weight comparisons are made on the basis of an atomic weight 
16.000 arbitrarily assigned to the oxygen atom. From the table 
it will be seen that the element hydrogen has the lightest atoms 
and uranium the heaviest. 

In view of what has been said about the existence of approxi¬ 
mately one hundred elementary substances, the question naturally 
arises as to how all other substances are constituted. The answer 
is found in the fact that the elementary atoms can (‘ombine in 
many ways to form aggregates (molecules), which have properties 
entirely different from the atoms of which they are composed. 
Experiments have shown that atoms are very small ^ both in size 
and mass and that 6.02 X 10^^ atoms are required to make an 
amount of the substance called the gram-atomic weight, which is 
simply an amount in grams equal to the atomic weight. From the 
table of atomic weights it will be seen, for example, that 26.97 
grams of aluminium, 55.84 grams of iron, or 4.002 grams of helium 
contain this very large number (6.02 X 10^^) of atoms. When 
different kinds of atoms group themselves in a definite way into 
molecules, a new substance or compoimd is formed. It might seem 
surprising at first t&at only about one hundred elementary types 
of atoms can account for the many different materials found on 
the earth and all other stellar bodies. When, however, one stops 
to calculate in how many ways it is possible to combine one hun¬ 
dred different atoms, one finds that there are literally millions of 
combinations. Actually only a relatively small number of these 
can occur, because there are physical factors which prevent cer¬ 
tain types of combinations. Several hundred thousand compound 
substances are now known, and every day chemists are adding 
to the number. 

When dealing with the fundamental nature of the atoms them¬ 
selves, one must bear in mind that much information along these 
lines was obtained from experiments performed with millions of 
atoms at once, since this was the smallest amount which could be 
seen or handled. One may wonder how information on the nature 
or behavior of single atoms can be obtained from such work. 

^ The sizes of the atoms vary from clement to element, but the order of magnitude is 
about 10"* cm. The smallest object visible with an ordinary high-power micros(^ope would 
have a size of about 10~* cm. Electron beam “microscopes” are capable of discerning the 
individual atoms in a solid such as tungsten with diameters loss than 10"^ cm. 
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Obviously the method must be indirect. By making assumptions 
and setting up hypotheses about individual atoms it becomes 
possible to predict the behavior for large numbers of atoms, and 
then these predictions may be put to experimental test. If there 
is continued agreement between predictions and tests, an hy¬ 
pothesis may eventually be recognized as a theory or even a law. 

In the previous chapter experiments have been described which 
establish conclusively the existence of electrons in the free state. 
It was assumed that they were present not only in conductors, 
where they were free to move, but also in non-conductors or 
insulators in which the electrons were hound to certain regions, 
actually to certain atoms or molecules. Furthermore, it was also 
shown that a deficiency of electrons in a piece of matter would 
leave it positively charged, whereas an excess of electrons would 
produce a resultant negative charge on the body. Evidence from 
many types of experimental work (X-rays, spectra, radioactivity, 
electrolysis), whose (‘omplete study would take us too far afield, 
has led to the conclusion that with each normal atom of an element 
there is always associated a definite mimber of electrons^ and that 
the lighter elements, such as hydrogen and helium, have fewer 
electrons than the heavier ones. We shall mention here two experi¬ 
ments which give evidence for this very simple building up of 
atoms from lighter to heavier in terms of electrons. 

It is possible by physic’.al means to impart to a normal hydrogen 
atom sufficient energy so that an electron will break away, leaving 
the remainder of the atom positively charged. The hydrogen 
atom is now said to be ionized,^ this being a general term applied 
to all atoms which have been deprived of, or have gained, one or 
more electrons. An apparatus in which this ionization can be 
accomplished is shown in Fig. 1. The filament at the left serves 
as a source of electrons, which act somewhat like bullets fired at 
the normal hydrogen atoms placed in the tube. In order to give 
enough energy to these electrons so that on collision they will 
break up the hydrogen atoms, a very strong electric field is applied 
inside this tube by placing a positive charge on the anode. The 
further precaution, to partially evacuate the tube, is taken so that 
the electrons can acquire sufficient velocity to ionize the hydrogen 
before being slowed down by collisions with molecules in the tube. 

1 Such ions are usually indicated by + or - signs attached as superscripts to the symbol 
representing the element. Thus one writes He"*""^, Cl , etc. for simple, and (SO 4 ) t 
(NOs)" for complex ions. 
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By impact, then, these electrons knock others out of hydrogen 
atoms. Hence the latter become ionized and, having lost an elec¬ 
tron, the charge remaining on the atom is positive and equal in 
amount to that of the electron. Furthermore, this positive core 
of the hydrogen atom, called the proton, has never been broken 
up into simpler parts and one concludes that the normal hy¬ 
drogen atom consists of an electron and a proton, both of which, 
as far as can be told at present, represent fxmdamental and dis¬ 
crete entities. As we shall see later (p. 104), these fundamental 
parts also play an important role in the case of the other elements. 


Hot 


Positive 
ions formed 



Fig. 1. IONIZATION of hydeogen uy electrons accelerated in an electric 

FIELD 


An experiment which indicates that normal helium contains 
two electrons is described later in connection with radioactivity 
(Chapter XXXIV). To foreshadow what is given there, we may 
say that one finds in nature certain ionized cores of helium atoms 
(called a-particles) emerging from radioactive elements such as 
uranium and radium. The a-particles bear a double positive 
charge and do not resemble normal helium in their physical be¬ 
havior, yet, when they are made into normal atoms by the addi¬ 
tion of two electrons, they behave in every way like ordinary he¬ 
lium and cannot be distinguished from other helium atoms. It 
appears, then, that normal hydrogen atoms have one, and normal 
helium atoms have two electrons, respectively. As has already 
been mentioned, this increase in the number of electrons as the 
atoms become heavier has been inferred from many lines of phys¬ 
ical experimentation. 

The Nuclear Atom 

The experimental evidence that positive as well as negative 
charges occur in the atom led to much speculation with regard 
to possible models which would allow the atom as a whole to be 
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stable dynamically as well as neutral electrically. Other observa¬ 
tions (see below) brought forth the conclusion that most of the 
mass of the atom is associated with the positively charged portion. 
This fact too needs to be considered in any working hypothe^sis of 
the structure of atoms. At first the atoms were imagined (Thom¬ 
son, 1907) to be spherical in shape, with the mass and positive 
(charge uniformly distributed throughout the sphere. Inside this 
mass were supposed to be embedded the negative charges or 
electrons in such a way as to make the atoms neutral electrically. 
One of the difficulties of this scheme was the proper location of the 



The arrival of a-particles on a zinc sulfide screen was observed as scintillations by 
means of a microscope. 


electrons inside the sphere so as to produce equilibrium and a 
stable atom. 

Thomson's atom had to give way to the so-called nuclear atom 
of Rutherford, who postulated that nearly all the mass and posi¬ 
tive charge were concentrated in a very small central core —the 
nucleus —and the electrons were distributed around this in a 
region having a diameter about 100,000 times as large as that of 
the nucleus. The reason why the Thomson atom was dropped in 
favor of the nuclear atom is to be found in experiments (1910) 
connected with the scattering of small charged particles by the 
atoms of a metal. The particles used in these experiments were 
a-particles obtained from radioactive sources. A narrow beam of 
them was allowed to enter a thin foil of metal placed normal to 
the beam (Fig. 2). Since these a-particles have very large veloci- 
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ties ^ and small size, they have great penetrating power and will 
emerge from the foil in a spreading beam. This deflection of the 
a-particles is referred to as “scattering” by the atoms of the foil. 
The amount of scattering is determined by such factors as: (a) 
closeness of approach of the particle to the atoms in the foil, 
(6) the number of collisions suffered by the incident particle 
before emergence, (c) the nature of the forces acting during a 
collision, (d) the masses of the atoms of the foil. Earlier experi¬ 
ments of a similar nature by Geiger (1908) had shown that the 
amount of scattering was small and quite understandable from 
the viewpoint that the observed scattering was made up of a 
number of small independent deflections produced at each col¬ 
lision. Later and more extensive experiments by Geiger and 
Marsden (1909) indicated that at large angles there were many 
more deflected particles than would be expected from the previous 
multiple-collision hypothesis. In order to explain the large-angle 
scattering, Rutherford postulated that the center of the atom was 
very massive and that the positive charge of the atom was to be 
found in a region, probably the center, very much smaller than 
the atomic volume. The a-particles that were scattered through 
large angles were assumed to suffer only a single collision and, 
during their sojourn within the confines of the atom, to be acted 
on by forces of repulsion of the inverse-square-law type (p. 74), 
commonly known as Coulomb forces. 

According to the Rutherford hypothesis, all the positive charge 
within the atom is to be found on the small central nucleus, and 
by far the greatest proportion of the mass of the atom is asso¬ 
ciated with it. The electrons, which according to this picture 
surround the nucleus, account roughly for only of the 
mass of the atom. The space occupied by the electrons in the 
atom is, relatively speaking, very large since the ratio of the 
atomic diameter * to the nuclear diameter is about 100,000 : 1, 
the sizes of each varying somewhat from one element to the next. 
In order to explain the fact that the electrons with their negative 
charges are not drawn into the positively charged nucleus, it was 
necessary to assume that the former were in motion around the 
nucleus in orbits similar in many ways to the orbits of the planets 

1 The velocities of the particles are of the order of 10,000 miles per second. Compare this 
with the velocity of a fast rifle bullet, which is less than 1 mile per second. 

2 The atomic diameter increases slightly as the atoms become heavier, but the order of 
magnitude is about 10 » cm for the atom and 10~^* cm for the nucleus. 
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around their central sun. By the ^^size^^ of an atom one would 
then mean the space covered by the maximum excursions of the 
electrons around the nucleus (Fig. 3). In making his calculations, 
Rutherford assumed that the charge on the nucleus was 
where e was a positive charge equal in magnitude to an electron's 
charge and Z stood for an integer which was the same as the 
number of electrons in an atom. Long before the advent of the nu¬ 
clear atom the known elements had been systematically arranged 
in the order of their atomic weights (Chapter XX), and the sug- 



Fig. 3. collision between an (x-particle and a nuclear atom 
The nucleus when represented to exacted scale would be much smaller than shown. 


gestion was now made by Van den Brock (1918) that the ordinal 
or position number of the element in this systematic arrangement 
was the same as the number of electrons surrounding the nuclei of 
the atoms of the element. Thus if an element was placed fifteenth 
in the arrangement according to increasing atomic weights, it 
would signify that there were fifteen electrons surrounding the 
nucleus, hence Z = 15, and the nucleus must have a positive 
charge of + 15c. This suggestion received strong support from 
the experiments of Moseley (1914) on the nature of the X-rays 
coming from the elements when subjected to high-velocity electron 
bombardment. His study of the X-rays, which have their origin 
in the innermost regions and near the nuclei of atoms, enabled him 
to conclude: 'That there is in the atom a fundamental quantity 
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which increases by regular steps as we pass from one atom to the 
next. This quantity can only be the charge on the central positive 
nucleus.” This fundamental quantity has since been called the 
atomic number (Z). 

Bohr’s Atomic Theory ^ 

■^he next great step^forward in the unfolding of the atomic 
picture came from the theoretic^al work of Niels Bohr, Nobel 
laureate and professor of physics at the University of Copenhagen, 
who concerned himself with the explanation of atomic spectra. A 
spectrum is obtained whenever a light beam is spread out into its 
various constituent frequencies; ^ those which affect the eye we call 
colors. We shall see later (Chaptei’ XXXI) that a be am of light, 
made up of several superimposed frequencies, can be analyzed or 
spread out by passing it through a prism in an inst rument called 
3 ^ectroscope. Atoms give off fight when in a suffi ciently ener¬ 
gized state, e.g., the characteristic red light from energized neon 
atoms; and the spectrum from such atoms consists of a large 
number of very definite frequencies, which are always the same 
for a particular element and hence are a characteristic property 
of its atoms when in the energized state. Bohr sought to correlate 
the characteristic spectra with the structures of the atoms evolv¬ 
ing them, but to accomplish this he had to make some rather 
startling assumptions. As a working basis he used Rutherford’s 
hypothesis of the nuclear atom; and then he assumed, first, that 
the electrons were revolving in definite orbits which gave to the 
atom as a whole a certain state of energy. Second, the revolving 
electrons, contrary to previous ideas, did not radiate or give off 
light energy as long as they remained in their orbits; thus the 
energy state of the atom remained the same. When the atom 
received energy from the outside, its energy state increased, and, 
similarly, loss of energy to the outside lowered its energy state. 
With each atom Bohr associated certain stationary energy states 
and he said that an atom can only radiate energy in changing from 
one state to another. If sufficient energy is given to an atom, 
e.g., when a collision occurs with another atom, then it will pass 
into a higher energy state, and, in returning to the original sta¬ 
tionary state, energy in the form of light will be emitted. In Bohr’s 

^ Frequency here refers to the number of waves per second passing any point. This of 
course presumes that light is a wave motion. Some of these frequencies or bands of fre¬ 
quencies are registered by the human eye and brain as colors. 
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original picture the energy states were associated very definitely 
with the electron orbits, and the radiation of light occurred when 
the electron “jumped” from one orbit to another. Although the 
exact nature of the “jump” was left vague, the idea of stationary 
energy states proved to be a very useful concept in this and later 
atomic theories. 


Another, and perhaps the most revolutionary, assumption 
made by Bohr was that energy could be absorbed as light and be 
available for re-emission by the atom only in very small but 
perfectly definite amounts called quanta, which were imagined to 
be bundles of waves. This meant that the minimum of energy 
which could enter into a transfer in an atom was a quantum, and 
this quantum of energy was dependent only on the frequency of 


the waves.* If an atom changed 
from one stationary energy state 
El to another Ei, then the quan- c; 
txun of energy involved was: t 

TO 

El - E, = hf, I 

o 

where h is a universal constant 1 
called Planck’s constant, its value z 
being 6.624 X 10“^' erg sec, and/ | 
represents the frequency (num- | 
ber per second) of the emitted 
waves. It will be seen that, if the 
difference between the energy 
states is small, the frequency of the 



Fig. 4. an energy level dia- 


emitted light is small and this 
gives light waves in the red and 


gram for the stationary states 

OF THE HYDROGEN ATOM 


infra-red end of the spectrum, whereas for large energy changes 


in the atom, high frequencies result and this gives colors in the 


blue, violet, and ultra-violet (Fig. 4). 

Bohr applied his hypothesis to the simplest atom, namely, 
hydrogen. This consists of a relatively heavy nucleus (the pro¬ 
ton) and a single electron revolving around it in an orbit which 
is circular. The atom can have a number of stationary states 


which Bohr was able to obtain by calculation, and from these he 


^ This idea of the emission of energy in quanta did not originate with Bohr. It had been 
proposed by Planck (1900) in connection with radiation from perfectly black bodies and 
had been used by Einstein in connection with the absorption of energy in the photoelectric 
effect (p. 90). 
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predicted the possible frequencies of emitted light. They agreed 
perfectly with the observed frequencies in the hydrogen spectrum. 
These frequencies have been arranged in several series (Fig. 4), 
called the Lyman (ultra-violet), Balmer, Paschen (infra-red), 
and Brackett, after their discoverers; they have all been exactly 
accounted for by the hypothesis of Bohr. 

Even though hydrogen is the simplest of the elements, its spec¬ 
trum is quite involved and many frequencies of light are emitted. 
The complexity of the spectral emission increases as one passes to 
heavier atoms, and the fairly simple picture of Bohr has to be 
modified and extended in order to meet with any success in ex¬ 
plaining their light emission. It is found, however, that even for 
the more complicated atoms the behavior, both from the point of 
view of spectral emission and chemical properties, is determined 
largely by a few of the outermost and loosely bound electrons 
(Chapter XX). 

In the last section (p. 99) it was indicated that the atomic struc¬ 
ture of one element differs from another because of a variation 
in the number of electrons. While this is an exceedingly important 
distinction, being intimately bound up with the chemical and 
physical chara(!teristics of atoms, we shall defer further discussion 
of it and turn for the moment to another angle of the question of 
atomic structure. It is concerned with the heavy central core or 
nucleus. Of what does it consist and what part does it play in 
atomic behavior? 

The Structure of the Nucleus 

Since Rutherford’s formulation of the nuclear atom, physicists 
have been investigating the nucleus just as diligently as they have 
the extra-nuclear portion of the atom. The results were disappoint¬ 
ing at first because, figuratively speaking, they found the nucleus 
a hard nut to crack. Very little information was to be gained from 
chemical properties because the nucleus was always protected by 
one or more external electrons which entered into the chemical 
reactions. Two physical lines of investigation suggested them¬ 
selves, both connected with radioactivity, and by following them 
up much information has been obtained. The work is still pro¬ 
gressing at a feverish pace and the near future will undoubtedly 
bring us additional information about the structure of atoms at 
least as remarkable as that set forth below. 
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The first of these researches deals with a careful study of the 
naturally radioactive elements. They occur at the end of the 
Periodic Table of the elements (Chapter XX) and cont inually give 
off small charged particles and rays which can be shown to origi¬ 
nate in the nuclei of the atoms. The most widely used and best 
known of the radioactive elements is radium, discovered in 1898 by 
Pierre and Marie S. Curie, who were later awarded a Nobel Prize 
for this work. In all cases the radioactive properties of the 
elements are not affected by any external forces, temperature 
changes, or chemical reactions, and consequently the radioactivity 
is assumed to be a purely intra-atomic or nuclear property. The 
rays coming from these elements will be studied in greater detail in 
Chapter XXXIV, and it is only necessary to state at this point 
that a knowledge of the emissions has given us an insight into the 
possible constituents of the nuclei of the heavier atoms. Although 
the study of these heavy, naturally radioactive elements gave 
useful information about their nuclei, it was felt that, because they 
were the heaviest elements, they were also the most complicfated 
and that a study of the nuclei at the other end of the table, namely, 
the lightest and therefore probably the simplest, would yield more 
information of primary importance. This led to the other main 
line of investigation, consisting of attempts to smash up the 
simplest nuclei and study the products of their disintegration. 

The first practical question that arises in connection with in¬ 
vestigation of the lighter nuclei is: How can the nucleus be broken 
up so that its nature may be determined from the disintegrating 
fragments? This has been achieved by firing very small and 
rapidly moving particles at the nuclei. It was immediately 
realized that, if positive particles were to be employed, the particle 
with the smallest positive charge had the best chance of getting 
close to a nucleus since it would be repelled least by the Coulomb 
force. Thus the hydrogen nucleus (the proton) with its single 
positive charge is suggested. By means of suitable apparatus, 
hydrogen atoms are stripped of their single electrons; and then 
the remaining positive nuclei are a(rcelerated by means of a very 
strong electric field. ^ By this means the protons can be made to 
travel so fast that they have enough energy to penetrate a nucleus 
with which they collide and thus break it up. In this way, or with 
other light swift particles (deuterons, neutrons), it is possible to 

1 These fields require that voltages of the order of ^ million and more be applied. 
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produce a change in the nucleus. Having succeeded in breaking 
up or adding particles to some of the nuclei of the lighter elements, 
it was not always an easy matter for the physicist to identify the 
products of the disruption or addition; and, furthermore, there 
arose a question of whether certain of the products could not 
possibly have been formed during the process of bombardment, 
not having been present in the nucleus originally. After much 
sifting of the evidence, we have been led to the belief that ail 
nuclei are composed of two fundamental particles—protons and 
neutrons. The first of these is the same as the hydrogen nucleus, 
mentioned previously, whose mass is equivalent to that of the 
hydrogen atom without its accompanying electron and whose 
charge is equal in amount but opposite in sign to that of the 
electron (Table, p. 86). The neutron is a particle having a 
mass practically the same as that of the hydrogen atom. It bears 
no charge; the implication is that the negative and positive 
charges it contains are equal. The size of a neutron is of the same 
order as that of an atomic nucleus. 

Based on these ideas, the nuclei of the lighter elements can be 
built up of protons and neutrons, as shown in Table I. The chemi¬ 
cally determined relative atomic weights are given for purposes of 
comparison with the sum of neutrons and protons in the nuclei. 
There is ample evidence that as the nuclei become heavier they 
contain more neutrons and protons, and we could therefore extend 
our table to include all of the known elements. 


TABLE I 

COMPONENTS OF ATOMS 


Element 

Atomic 

Number 

Protons in 
Nucleus 

Neutrons in 
NiAcleus 

Relative 

Atomic 

Weights 

No. of 
Electrons 

Hydrogen 

1 

1 

0 

1.008 

1 

Helium 

2 

2 

2 

4.004 

2 

Lithium 

3 

3 

4 

6.940 

3 

Beryllium 

4 

4 

5 

9.02 

4 

Boron 

5 

5 ' 

6 

10.82 

5 

Carbon 

6 

6 

0 

12.01 

6 


Isotopes 

The scheme for building up the atoms of elements out of elec¬ 
trons, neutrons, and protons, which has been presented here, needs 
further elaboration. If the nuclei, which contain most of the mass, 
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are built up of protons and neutrons, each having a mass of almost 
unity on the scale of relative weights, why is it that the relative 
atomic weights (determined chemically) do not have the same 
values as are obtained from the sum of the nuclear particles? To 
answer this question we must dip back a bit into the history of 
the subject. Before Rutherford postulated the nuclear atom, 
chemists tried to build up structures for atoms using the hydrogen 
atom as a unit. Certain of the atomic weights thus calculated 
agreed fairly well with the experimental atomic weights but others 
not at all. Let us take the element lithium as an example: The 
atomic weight of natural lithium is 6.94. According to our 
neutron-proton scheme the atomic weight should be approxi¬ 
mately 7 or at least almost integral. It was suspected, and sub¬ 
sequently verified by Thomson and Aston, that ordinary lithium 
is a mixture of two types of atoms having relative atomic weights 
of 6 and 7, with a preponderance of the heavier ones. When atoms 
of the same element can have more than one nuclear mass, then these 
several sorts of atoms are called isotopes. It is the presence of these 
isotopes which accounts almost entirely for the divergence of the 
relative atomic weights from whole numbers. In the case of 
lithium then, we conclude that there are many more atoms having 
a nucleus consisting of three protons and four neutrons than 
there are of the type with three protons and three neutrons. 
Accurate work by Aston in England and Bainbridge in this 
(‘ountry has shown that more than two thirds of our elements are 
really mixtures of isotopes. In Table II will be seen a list of the 
isotopes which have been found for each of the elements listed in 
Table I. 

The method used by Aston for discovering which elements 
possessed isotopes and also for determining their atomic weights 
will be seen from Fig. 5. The atoms being investigated are ionized 
in the discharge tube A by means of a strong electric field applied 
between the cathode and anode. The positive ions in this tube 
travel towards the cathode, and some of them pass through an 
opening in it. These emerging ions enter an electric field estab¬ 
lished between two plates B in such a way that the slower atoms 
are deflected more, and hence a diverging beam is produced. This 
diverging stream of particles now enters a magnetic field, shown 
in circular cross section at C since the magnetic field is at right 
angles to the paper. The net result is to focus both the slow and 
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TABLE II 

ISOTOPES OF THE LIGHT ELEMENTS 


Elancnt 

Symbol * 

Atomic 

Number 

Protons in 
N ucleus 

Neutrons 
in Nucleus 

Hel. Atomic 
Weight of 
Isotope 

Number of 
Electrons 

Hydrogen 

iIH 

1 

1 

0 

1 008 

1 

a 


1 

1 

1 

2.015 

1 

n 

iH-^ 

1 

1 

2 

3.017 

1 

Helium 

oHe'^ 

2 

2 

1 

3.017 

2 


oHe^ 

2 

2 

2 

4.003 

2 

it 


2 

2 

3 

5.013 

2 

it 

oHe.e 

2 

2 

4 

G.020 

2 

Lithium 

sLi® 

3 

3 

3 

G.OIG 

3 

a 

..Li^ 

3 

3 

4 

[ 7.017 

3 

a 

sLi« 

3 

3 

5 

8.025 

3 

Beryllium 

4Be« 

4 

4 

4 

8.008 

4 

ii 

4Be® 

4 

4 

5 

9.015 

4 

a 

4Bei« 

4 

4 

G 

10.017 

4 

Boron 

5B1» 

5 

5 

5 

10.01G 


(( 

f.B^^ 

5 

5 

G 

11.013 

5 

ti 

r.B‘2 

5 

5 

7 

12.019 

5 

Carbon 


r> 

G 

5 

11.015 

G 

ti 


6 

G 

G 

12.004 

G 

it 


G 

G 

7 

13.008 

G 

it 


G 

G 

8 

14.008 

6 


* The superscript represents the mass number, which is the integer nearest to the mass 
of the isotope, whereas the subscript represents the charge on the nucleus (atomic number), 
which also corresponds to the number of electrons in the normal atom. 


fast particles having a given ratio of charge to mass on one spot 
/Si of a screen or photographic film. Any other particles having 
the same charge but a different mass will focus on another spot, 
say S 2 . In this way the various isotopes can be separated and 



Magnetic field at 
right angles to paper 


Fig. 5. a diagrammatic sketch of the apparatus used by aston (the mass 
spectrograph) for deflecting the ionized atoms by electric, By AND 
magnetic, C, fields 
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registered as distinct spots on the photographic plate. Further¬ 
more, the intensity of the spot on the screen is a measure of the 
abundance of that particular isotope in the composite beam of 
the entering ionized atoms. The relative abundance and the 
atomic weights of the isotopes (practically integral, see column 6, 
Table II) permit calculation of the average atomic weight of the 
element. The values thus obtained are in excellent agreement with 
those found earlier by strictly chemical means (Chapter XVI), and 
we see in this corroboration an example of one of the many in¬ 
stances in which results obtained in one branch of science have 
had direct bearing upon those obtained in another. • 

We have seen that a study of the nature of atoms has taken us 
into many different branches of physics. Light, radioa(*tive sub¬ 
stances, X-rays, atomic weight determinations, all play a part in 
rounding out our knowledge of atomic structure. Another very 
important (contribution comes from a study of the manner in 
which atoms combine with one another; this falls within the field 
of chemistry. Here the (*lassification of the elements into groups 
according to their chemical behavior gives us valuable insight 
into atomic structure. This study and its relation to the periodic 
classification of the elements will be taken up in (chapter XX. 

EXERCISES 

1. What is the composition of an alpha ])article in terms of i)rotons and neu¬ 
trons? 

2. The (dement nickel has an atomic number 28 and isotopes 58, GO, 61, 62, 
and 64. What is the composition of the nucleus of each isotope, and how many 
electrons surround the nucleus in each case? 

3. Why are newly discovered isotopes not called new elements? 

4. Describe the principle and significance of Aston's mass-spectrograpli. 

5. What new and revolutionary ideas did Bolir introduce into theories of 
atomic structure? 
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chapter VII 


hAofion and Force 


Our experiences in the world about us have caused us to become 
familiar with such terms as speed, aciceleration, and force. We 
are familiar with the speed of an automobile as shown on the 
speedometer, with the fact that the speed may be increased by 
pressing the accelerator, or decreased by pressing the brake pedal, 
and also with the fact that when an automobile runs into an ob¬ 
struction considerable force is exerted, as is evident from the 
damage to the automobile and to the obstruction. Although all 
of these terms are familiar, it is not easy to state exactly what is 
meant by speed, acceleration, or force without first giving some 
thought to these concepts. A clear understanding of all of them 
is fundamental to further study in any branch of physical science. 
For example, in the past chapters we have already encountered 
the ideas of motion, speed, and acceleration of planets, electrons, 
and rays of light; later, the speed of a chemical reaction, the speed 
of a river, and the speed of sound will be considered. We have 
noted the idea of force in connection with the universal law of 
gravitation and the effect of electric charges upon one another; 
later we shall encoimter forces in hydrostatic pressure, in the 
folding of layers of rock, and in many other connections. In the 
present chapter, then, the fundamentals will be made clear 
through a study of some of the simpler cases of motion and of the 
forces which change the motion of an object. 

Constant Speed 

Let us consider the motion of an automobile travelling along a 
straight and level road. If there is no other traffic, the driver may 
control the amount of gasoline that he feeds the engine in such a 
way that he maintains a constant speed of 30 miles per hour. If 
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conditions remain unchanged, the automobile will have travelled 
30 miles in one hour, 60 miles in two hours, and so forth. Thus, if 
a body is travelling with a constant speed v for a length of time t, 
it will travel a distance s given by 

s = V X t. 

If the speed is measured in miles per hour, then t must be meas¬ 
ured in hours and s in miles. If the speed is measured in feet per 
second, then t must be measured in seconds and s in feet. For 
example, the distance travelled in 5 seconds by a ball rolling on a 
flat table with a constant speed of 2 feet per second is given by 
substituting t = 5, and a = 2, in s = X <, and then solving for 
s. Thus s = 2 X 5 = 10 feet. 

If we have given the time t that it takes an object travelling 
with a constant speed v to go a distance s, then we can find the 
constant or uniform speed * v, by solving s = v X t for v. Thus 
we obtain 

s 


Hence the speed v is the rate at which the distance s changes in 
the time t. For example, if a train moving with a constant speed 
travels 2000 feet in 40 seconds, we can find the speed by substi¬ 
tuting s = 2000 and < = 40 in the above formula. Thus 


V 


2000 

40 


50 ft/sec. 


Note that v is measured in ft/sec since s was measured in feet and 
t was measured in seconds. 

Variable Speed and Velocity 

Although the driver of an automobile often wishes that he 
could set the throttle on his car so as to be able to drive along at a 
Constant speed, nevertheless this is almost impossible due to road 
conditions such as hills, curves, and traffic. Since the autoist is 
seldom able to say that he drove at a constant speed of, for ex¬ 
ample, 30 miles per hour, he will often say that he drove at an 
average speed of 30 miles per hour. If he drove from New York 
City to Albany, New York, a distance of 150 miles, and it took 
him 5 hours to make the trip, he would compute his average speed 

^ The words constant and uniform are used as synonyms in this chapter. 
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by dividing the distance he travelled by the time it took to travel 
that distance, and obtain the average speed of 30 miles per hour. 
Thus the average speed, v, of an object which travels a distance s 
in a time t, is 



If s and t are measured in feet and seconds, respectively, then 
the average speed v is measured in ft/sec; if s and t are measured 
in centimeters and seconds, then v is measured in cm/sec, and 
so forth. 

We have observed that an automobile which travels 150 miles 
in 5 hours has an average speed of 30 miles per hour. Now if it 
were possible to keep an automobile going at a constant speed of 
30 miles per hour, the auto would travel 150 miles in 5 hours. 
Thus the average speed of this automobile is equal to the constant 
speed which would enable the automobile to travel 150 miles in 
5 hours. In general, the average speed v is equal to that constant 
speed which would enable the object to travel a distance s in a 
time t (see formula I). 

When the average speed on a certain automobile trip is 30 miles 
per hour, we do not expect the speedometer on the automobile to 
register 30 miles per hour throughout the entire trip. The meter 
does not register average speed but records the speed at each 
instant. If the automobile had travelled at a constant speed of 
30 mi/hr, the meter would have registered 30 mi/hr during the 
entire trip, since the speed was (xmstant and at every instant 
exactly 30 mi/hr. Thus when an object is travelling at a constant 
speed, its instantaneous speed is equal to the constant speed and 
is also equal to the average speed. However, if the speed is vari¬ 
able, the speedometer will register different speeds at different 
times. In order to denote these different speeds we will use sub¬ 
scripts, as follows: the speed at the time t = 2 will be denoted by 
V 2 , at < = 5 by v^, at the beginning, that is, when i = 0, by Vo, 
and the speed at any instant t by Vt. 

So far the word velocity has not been used. In non-technical 
language, velocity and speed are often used synonymously, but 
in the language of science a distinction is made between them. 
A velocity is a speed in a definite direction. Thus, while the speed 
of an automobile may be 30 mi/hr, we must add to this statement 
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the direction in which the automobile is travelling if we would 
state the velocity. For example, we say that the velocity of the 
automobile is 30 mi/hr due south. If this is the case, and the 
velocity of a second automobile is 30 mi/hr due north, the veloci¬ 
ties of these two automobiles are different although their speeds 
are the same. 

Example. What is the speed in kilometers per hour of a projectile travelling 
at 536 meters per second? 

536 

Solution. 536 meters =kilometers = 0.536 km. Hence 536 rn/sec 

= 0.536 krn/sec. Since the jirojectile travels 0.536 km/sec, it will travel 60 X 60 
times as far in 1 hour. Hence, 0.536 km/sec = 0.536 X 60 X 60 km/hr = 1929.6 
km /hr. 


EXERCISES 

1. What is the speed in feet per second of an automobile that is travelling; at 
30 mi/hr? Wliat is the speed in centimeters per second of an automobile that is 
travelling at 30 km/hr? 

2. What is the speed in miles per hour of a rifle bullet which is travelling at 
2200 feet per second? 

3. Find the time required for light to travel from the sun to the earth, if light 

travels at a constant speed of 186,000 miles per second and the distance from the 
earth to the sun is 93,000,000 miles, minutes. 

4. The mileage on an automobile at the start of a trip is 7,454 miles, and at the 
end of a 10-hour trip it is 7,804 miles. What was the automobile’s average speed? 

5. What is the speed in miles per hour of a point on the equator of the earth 
due to the rotation of the earth? (The equatorial radius of the earth is 3,963 
miles.) Is this an average speed, a constant speed, an instantaneous speed? 
Ans. 1037 mi/hr. 

Uniform Acceleration 

To make an automobile go faster, we press down harder on the 
accelerator; to retard the car, we press down on the brake pedal. 
In each case the speed, and hence also the velocity, of the auto¬ 
mobile is changed. If we are driving slowly, it is possible to go 
around a curve without changing the speed of the automobile, 
but we do have to change the direction of the motion of the auto¬ 
mobile if we wish to stay on the road. In this case, although the 
speed does not change, the velocity changes since the direction 
of the motion changes. A careful driver, on entering a curve, 
slows down, and so he changes both the speed of the car and the 
direction of the motion. The rate ai which the velocity is changed, 
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whether due to change in direction, change in speed, or both, is called 

the acceleration. 

If the speed of an automobile travelling on a straight road is 
increased steadily so that at 2:00 o'clock it is travelling at 30 
mi/hr, at 2:01 it is travelling at 32 mi/hr, at 2:02 it is travelling 
at 34 mi/hr, and so forth, then the speed is changing at a rate of 
2 miles per hour in each minute; and, since the direction of the 
motion is not changing, the velocity is changing at the rate of 
2 miles per hour in each minute. Thus the acceleration, which is 
the rate at which the velocity is changed, is 2 miles per hour per 
minute. It is often inconvenient to have both hours and minutes 
in the same expression, so we usually change them to the same 
unit. For example, we know that 2 miles per hour is equal to h 
miles per minute. Therefore, since the velocity is changing at 
the rate of miles per minute per minute or, more briefly, 

mi/min/rnin, or irV mi/min^, the acceleration is mi/min^ 

In the above case, the acceleration was obtained by dividing the 
difference between the initial and final velocities for any one 
minute by the time (namely, 1 minute) which elapsed while the 
speed was changing. In general, if an object is travelling in a 
straight line and if its speed is changing uniformly from an initial 
speed ?;o to a speed vt at the end of t units of time, then the uni¬ 
form acceleration a is 


If the velocity is measured in ft/sec and the time in seconds, the 
acceleration is measured in ft/sec^. If the velocity is measured in 
cm/min and the time in minutes, then the acceleration is measured 
in cm/min^. 

A uniform acceleration may be positive or negative. When the 
object is slowing down, the acceleration is negative, as will be 
shown in Example 2 below; and in this case the acceleration is 
sometimes called a retardation or deceleration. 

Example 1. An automobile travelling at a speed of 36 mi/hr accelerates uni¬ 
formly so that at the end of 10 seconds it is travelling at a speed of 48 mi/hr. 
Find its acceleration in ft/sec^. 

Solution. The speed at the beginning of the 10-second interval of time is 
Vq — 36 ini/hr, and the speed at the end of the lO-second interval is Vt = 48 mi/hr. 
Since the time is given in seconds, we shall change the speeds to ft/sec: 
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»„ = 36 mi/hr = = 52.8 ft/sec 

60 X 60 


V, = 48 mi/lir = = 70.4 ft/sec. 


Now substituting vq 


52.8, Vt — 70.4, and < = 10 in formula 11, we have 

__ 70.4 - 52.8 _ 17.6 
10 10 


1.76 ft/sec2. 


Example 2. An automobile travelling on a straight road at a speed of 30 mi/hr 
decreases its speed uniformly so tiiat it comes to a stop in 10 seconds. What is its 
acceleration? 


Solution. Since the speed was decreased uniformly, the acceleration is uni¬ 
form, and we may apply formula II, Before the driver applies his brakes, his 
speed is 30 mi/hr. This is the speed at the beginning {t = 0) of the interval of 
time that we wish to consider, so we let = 30 mi/hr == 44 ft/sec. At the end of 
10 seconds the automobile ceases to move; hence its speed Vi is 0 ft/sec. Sub¬ 
stituting t = 10, Vo = 44, and Vt = 0 in formula II, we have 

a = - - --- - = —4.4 ft/sec'*^. 

Since the automobile decreased its speed, the final speed was less than the initial 
speed, and hence the acceleration is negative. 


EXERCISES 

1. What is the acceleration in ft/sec*-^ of an automobile which accelerates uni¬ 
formly from 7 mi/hr to 75 irii/hr in 37 seconds? Ans. 2.7 ft/sec^. 

2. An airplane starting from rest attains a speed of 60 rni/lir in 30 seconds. 
Find its acceleration in ft/sec*‘^, a.ssuming that the acceleration is uniform. 

3. A street car is capable of a uniform acceleration of 1.6 ft/sec'-^. How long 
will it require to attain a speed of 20 mi/hr if it accelerates as rapidly as possible? 
Ans. 18.3 seconds. 

4. A ball thrown with an initial speed of 40 ft/sec is brought to rest by a uni¬ 
form retardation of 32 ft/sec^ llow long was the ball in motion? Ans. 1.25 
seconds. 


Uniformly Accelerated Motion in a Straight Line 

If an object is thrown vertically upward or vertically downward 
or dropped vertically downward, it travels in a straight line with a 
uniform (that is, constant) acceleration. Often the motion of an 
object rolling or sliding along a flat surface, such as an automobile 
coasting along on a level road or a hockey puck sliding on ice, is 
uniformly accelerated motion in a straight line, in which the 
acceleration is negative and is due to friction. In order to become 
more familiar with this type of motion, we shall now consider a 
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few more general equations which describe the motion of any 
object travelling in a straight line with a uniform acceleration. 
In the next section the motion of a falling body will be discussed 
as a special case of this type of motion. 

We have already defined the uniform acceleration of an object 
that has an initial speed of t’o and a speed a, at the end of t seconds 
(sec formula II). Often we knoAv the acceleration a, the time t, 
and the initial speed vo, and we wish to find the speed at the end 
of t seconds. To do this it is merely necessary to solve II for 

at = Pt — Vo. 

Hence Vt == Vo + at. Ha 


Example 1. A boy slides down a slide in 3 seconds. If the speed with which he 
pushed off is 2 ft/sec and if he has a uniform acceleration of 10 ft/s(!c^ on the 
slide, find his speed when he reaches the l)ottom of the slide. 

Solution. We have given t = 3 .se(!onds, )’o = 2 ft/sec, and a = 10 ft/sec^; and 
we are to find w,. Substituting in formula Ila, we have 

r, = 2 + (10 X 3) = 2 + 30 = 32 ft/sec. 


If an object is travelling with a uniform acceleration in a straight 
line, its initial and final speeds may be observed at the beginning 
and end of any length of time t. The average of these two speeds 


Vo + Vt 

2 


is always found to equal the average speed obtained by 


means of the definition of average speed stated in formula I. For 
example, if a stone is thrown down from the roof of a building 
37.5 feet high with a speed of 10 ft/sec, we can observe that it hits 
the ground 1.25 seconds later with a speed of 50 ft/sec. Now the 
average of the initial and final speeds for this stone is 


10 + 50 _ 60 
2 “2 


30 ft/sec. 


and its average speed obtained by substituting s = 37.5 and 
t — 1.25 in formula I is 

37 5 

V = — 30 ft/sec. 

Thus we can obtain the average velocity v by formula I or by 
the following formula:^ 

1 This formula can be derived without recourse to experiment from the definitions of 
velocity and uniform acceleration by means of the calculus. 
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*^0 + Vt 

V = 

If we know the initial speed, Vo, the uniform acceleration, a, 
and the time, t, formula Ila enables us to compute the speed vt at 
the end of the time 1. During this time an object would travel a 
(iertain distance s, and we will now obtain this distance s. From 
the definition of average speed (formula I), 

s 

and, by solving for s, 

s = vl. 

By substituting the value of the average speed 

V = ^'0 + 

2 

in s = vt, 

we obtain s = — 2 — 

Now substituting vo + at for Vi (formula Ila), we have 

?’o + Co+’af. 2vo +at , , 

s = - 2 -^ ^ ^ 

Thus s = Vot + hat". ni 

Example 2. What is the length of the slide in Example 1? 

Solution. From the data in Example 1 we have t ■= 3, /'o = 2, and a = 10; 
hence, substituting in III : 

■s == (2 X 3) + (1 X 10 X 3^) = 6 + 45 = 51 feet. 

Sometimes we do not know the time t, but we do know the 
uniform acceleration a and the initial and final speeds ro and Vt, 
and we wish to find the distance s. A relation giving s in terms of 
these quantities can be obtained from formulas II and III as 
follows: According to Ila: 

VI — Vo + at. 

Squaring both sides of this equation, we have 

Vt^ = Vo^ + 2vt)at + a'H^. 
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Thus = 2vM + aV = 2a{vQt + 

But, by III, s = V(^ + iaP; 

hence Vt^ — Vo^ = 2as, IV 


Example 3. How far does an automobile, going at the rate of 30 mi/hr, travel 
on a concrete road if the driver jams on the brakes so hard that the wheels stop 
rotating? The retardation due to the friction between the tires and the road is 
25.6 ft/sec^. 

Solution. We have given Vo = 30 mi/hr = 44 ft/sec, vt = 0, and a — —25.6 
ft/sec^ (why is the acceleration negative?); and we wish to find s. Formulas III 
and IV both involve 6f but to use III we would have to know t. Substituting the 
given values in IV, we get 

02 - 442 = 2(-25.6)s 


-1936 = -51.2s 


^36 

51.2 


37.8 feet. 


EXERCISES 

1. An automobile travelling at 20 mi/lir accelerates uniformly so that at the 
end of 15 seconds it is travelling at 35 mi/hr. Find (a) the acceleration in ft/sec^ 
and {})) the distance travelled in the 15-second interval. Aris. 1.47 ft/sec^; 
605 feet. 

2. How far docs an automobile, going at the rate of 45 mi/hr, travel on a con¬ 
crete road if the driver jams on the l)rakes so hard that the wheels stop rotating? 
The retardation due to friction between the tires and the road is 25.6 ft/sec^. 

3. A boy rides down a slide in 2 seconds. If the speed with which he pushed off 
is 3 ft/sec and his acceleration is 8 ft/sec^, find (a) his speed when he reaches the 
bottom, (b) the length of tlie slide, and (c) liis speed when he is halfway down the 
slide. Ans. 19 ft/scc; 22 feet; 13.6 ft/sec. 

4. An automobile approaching a hill at 20 mi/hr begins to speed up when* 200 
yards away. What acceleration (in ft/sec^) will permit the motorist to reach 
30 mi/hr at the bottom of the hill? 

5. The speed of most cars along a certain liighway is 45 miles per hour. A 
warning sign is to be placed near a curve around which motorists must travel at 
20 miles per hour. If average brakes will produce a retardation of 10 ft/sec^, how 
far from the curve must the warning be placed? Ans. 175 feet. 

Falling Bodies 

Prior to the time of Galileo (1564-1642), it was believed that 
heavy objects fell faster than light objects. How this erroneous 
idea arose is easy to understand, for if a stone and a feather were 
both dropped at the same time from the same height, the stone 
would hit the ground sooner than the feather. By dropping, at 
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the same time, two balls of different sizes but of the same material 
from the top of the Leaning Tower of Pisa, Galileo showed that 
heavy objects do not fall faster than light ones. The two balls 
started together, fell together, and hit the ground together. Thus 
he concluded that a heavy object and a light object h;!! with the 
same speed at any instant. We can easily repeat Galileo’s experi¬ 
ment by dropping a large stone and a small pebble at the same 
time and from the same height and observe that they hit the 
ground at the same time. Since this is so, we must account for 
the different behaviors of the stone and the feather. To do this, 
take two sheets of the same type of paper and of equal size. Keep 
one flat and crumple the other up into as tight a ball as you can 
make. Drop them both at the same time from the same height. 
The piece which has been crumpled up into a ball will hit the 
ground first. Now neither piece of paper is heavier than the other, 
and the flat piece falls more slowly because the air offers more 
resistance to it. So too for the stone and the feather; the feather 
falls more slowly because the air offers more resistance to it than 
it does to the stone. If there were no air, the stone and the feather 
and the two pieces of paper would fall together. This may be 
demonstrated by taking a long glass tube, closed at both ends by 
metal caps, in which there are a feather and a stone. If we evacu¬ 
ate the air from this tube by means of a pump and then invert it 
so that the feather and the stone start falling at the same time, 
we can see the two fall together and hit the bottom of the tube 
together. 

Galileo not only showed that the time it takes a body to fall 
to the earth is independent of whether the object is heavy or light, 
provided that differences in air resistance are negligible, but he 
also showed that the motion of a body falling freely to the earth 
is uniformly accelerated motion in a straight line. This can be 
demonstrated by measuring the time that it will take an object 
to fall various distances. Then, comparing the distances fallen 
with the time of descent, we find that the distance fallen varies 
directly as the square of the time. Now for uniformly accelerated 
motion in a straight line with an initial velocity of zero, we have 
from formula III: 

s = iat^; 

hence, in this case also, the distance varies directly as the square 
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of the time. Thus the motion of a falling body is uniformly ac¬ 
celerated motion in a straight line. 

The acceleration of a falling body, denoted by the letter gr, 
can be measured by experiment at any particular place on the 
surface of the earth. At each place the acceleration due to gravity 
is constant; thus for New York City g — 980.2 cm/sec^ or 32.16 
ft/sec^. However, the acceleration of gravity varies slightly from 
place to place because of the oblate shape of the earth, the rota¬ 
tion of the earth, and the irregularities of the earth’s surface, 
such as hills and valleys. For example, at sea level the accelera¬ 
tion of gravity varies from 977.989 cm/sec^ or 32.0862 ft/sec^, 
at places on the equator to 983.210 cm/sec^, or 32.2575 ft/sec^ 
at the poles. 

Since an object can be thrown vertically either upward or 
downward but the earth always pulls it downward, we shall have 
to agree on a method of distinguishing these two cases for pur¬ 
poses of calculation. Several consistent methods of doing this 
are possible. We shall follow the procedure of considering distance 
downward as positive, and hence distance measured upward will 
be negative. Thus, a man standing on a roof would say that an 
airplane, passing over him, is at a distance of —1000 feet from 
him, and that the ground, which is below him, is at a distance of 
-+-150 feet from him. Similarly, a velocity vertically downward 

is denoted by a plus sign, and a velocity vertically upward is 

denoted by a minus sign. The acceleration of gravity is always 
directed downward; therefore we write it as +(/. Since the motion 
of an object thrown vertically is uniformly accelerated motion in 
a straight line, the equations needed for solving problems arising 
out of such motion are obtained from formulas Ila, III, and IV 
by substituting for a. Hence 

= 1^0 + gt Ila' 

s = Vot + III' 

i;,2 _ ^ 2gs IV' 

where Vo is the initial velocity, Vt is the velocity that the body will 
have t seconds after it started moving, and s is the distance it will 
have travelled t seconds after it started moving. 

Example 1. A bomb is dropped from a balloon which is 3600 feet above the 
ground. Neglecting the air resistance, find (a) the velocity of the bomb 3 seconds 
after it was dropped and (b) the velocity of the bomb when it strikes the ground. 
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Solution, (a) Since the bomb is dropped, its initial velocity is zero, hence 
2^0 = 0. We will take g to be 32 ft/sec^, and we are to find the velocity Vt when 
t = 3 seconds.^ Substituting these values in formula Ila', we have 

V, - 0 -f (32 X 3) = +9G ft/sec. 

Since Vt is positive, the speed is directed downward, and hence the velocity when 
^ = 3 is 96 ft/sec downward. 

{})) Since distance is measured from the initial position of the object, we must 
consider the distance the body travels to reach the ground. The balloon is 3600 
feet above the gjK)und, hence the bomb must fall 3600 feet before it strikes the 
ground. Thus we are to find ?;^ when .s = +3600. As in (a), = 0 and = 32 

ft/sec**^. Substituting these values in formula IV', we have 

- 02 = +2 X 32 X (+3600) 

= 64 X 3600 

Vt = ztS X 60 == +480 ft/sec. 

Here the sign of the velocity, and hence its direction, is ambiguous since we have 
to extract a square root. Now a born!) cannot be travelling with an upward and 
a downward velocity at the same time, so we must return to the problem to 
determine which sign is approf^riate. Since the bomb is dropped, its velocity will 
never be upward, and consequently we choose the plus sign. Thus 

V == +480 ft/sec, 

and the bomb strikes the ground with a velocity of 480 ft/sec downwards. 

Example 2. A stone is thrown vertically upward from the ground with an 
initial speed of 96 ft/sec. Neglecting air resistance, find {a) the time it will take 
the stone to reach its highest })oint and (b) the height to which it will rise. 

Solution, (a) When an object which has been thrown vcrticiaily upward reaches 
its liighest point its speed is zero. On the way up the speed is decreasing due to the 
fact that the object is continuously pulled toward tlie earth, and on the way down 
its speed is increasing for the same reason. Thus, at tiie top, the pull of the earth 
has just overcome the upward speed of the object; its speed is zero, and after this 
instant the object begins to fall. Hence we are to find t when vi = 0. We are given 
that the initial velocity is upwards and therefore negative, so vq = — 96 ft/sec. 
Now letting ^ = 32 ft/sec^ and substituting in formula Ila', we have 

0 = ~96 + 32<. 

Hence t == 3 seconds. 

Thus it will take 3 seconds for the stone to reach its highest point. 

(6) We may obtain the height s to which it will rise, when Vt = 0, from either 
formula III' or IV'. If we had made an error in computing t in part (a) and if we 
used formula III', then the answer we would obtain would be incorrect. Thus it 

^ As, a matter of convenience in working problems, we shall take 32 ft/sec^ and 
980 cnafsec^ as approximations to the value of g. 
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is better to use formula IV', for in it we do not need to use anything other than 
the given data. Substituting vt — 0, Vq = —96, and g ~ 32 in formula IV', we 
have 


0 - 962 = +2 X 32s 

-962 04s 


^ — "-144 feet. 

64 

Since the sign of s is negative, the highest point the stone reaches is 144 feet 
above the ground. 

Example 3. Neglecting air resistance, how far will a stone fall in 10 seconds if 
it is thrown vertically downward with a speed of 400 cm/soc? 

Solution. Since the stone is tlirown downward, its initial velocity will be posi¬ 
tive. Thus Vo = -f-400 cm/sec. We are to find .s when t — 10 seconds. Now 
letting g = 980 cm/8ec2 and substituting in formula III', we have 

5 = (+400 X 10) + (i X 980 X 102) 

6* = +4,000 + 49,000 

s = +53,000 cm. 

Since s is positive the stone will be 53,000 cm below the point where it started. 

EXERCISES 

(In each exercise neglect the air resistance.) 

1. A shell is fired vertically upward from the ground with an initial speed of 
2560 ft/sec. Find (a) the velocity after 30 seconds, (5) the velocity after 2^ min¬ 
utes, and (c) the time when the velocity will be zero. Ans. 1600 ft/sec upward; 
1600 ft/sec downward; 80 seconds. 

2. A ball is thrown vertically upward from the ground with a speed of 80 
ft/sec. (a) How long will it take the ball to reach its highest point? (b) How liigh 
will it rise? 

3. A bomb is dropped from a balloon which is at an altitude of 16,384 feet. 
After how many seconds and with what speed will the bomb hit the ground? 
Ans. 32 seconds; 1024 ft/sec. 

4. What must the muzzle velocity of a gun be to shoot a projectile vertically 
upward to a maximum height of 30,276 feet? 

5. A projectile was fired straight up from a balloon 2000 feet high with an 
initial speed of 1600 ft/sec. Find when it was highest and its altitude at that 
time. When did it pass a balloon 32,000 feet high, and what was its velocity as 
it passed this balloon? Ans. 50 seconds; 42,000 feet; 25 seconds, 75 seconds; 
— 800 ft/sec, +800 ft/sec. 

Force and Newton’s Laws of Motion 

The concept of force is one that comes to us through our mus¬ 
cular sensations. We have had to exert ourselves to move objects 
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and also to stop their motion, and so we are accustomed to asso¬ 
ciate a change in the speed of an object with some force, muscular 
or otherwise. Since the rate of change in speed per unit of time 
is acceleration, we associate force with acceleration and explain 
the acceleration of an object by saying that some force is causing 
it. If the acceleration produced is large, as in throwing or stopping 
a fast ball, then the force required is large, too. In addition 
to depending upon the acceleration, force also depends upon the 
mass of the object; for example, it takes more force to stop an 
automobile travelling at 5 mi/hr than it does to stop a baby 
carriage travelling at the same speed. 

Observations similar to those above led Sir Isaac Newton 
(1642-1727) to state what is now called Newton’s second law of 
motion: The measure of a force which has acted on an object to 
alter the state of its motion is the product of the object's mass by the 
acceleration produced. Symbolically this may be written 

F = ma. V 

If the acceleration is measured in cm/sec;^ and the mass in grams, 
then the force is measured in dynes, where 1 dyne is the force 
required to give a mass of 1 gram an acceleration of 1 cmlsec^. If 
the acceleration is measured in ft/sec^ and the mass in pounds, 
then the force is measured in poundals, where 1 poimdal is the 
force required to give a mass of 1 pound an acceleration of 1 ft/sec^. 

Example. What force is ne(;essary to accelerate an automobile having a mass 
of 3200 pounds from rest to a speed of 30 mi/hr in 10 seconds? 

Solution. To find the force in poundals, we must first find the acceleration in 
ft/sec^. Since the auto starts from rest, vo = 0, and at the end of 10 seconds 
Vt = 30 mi/hr = 44 ft/sec. Hence, by formula II, 

a = ft/sec^. 

Now substituting m == 3200 pounds and a — 4.4 ft/sec^ in V, we have 
F = 3200 X 4.4 = 14,080 poundals. 

If no force is acting on an object, then F = 0 and, by formula 
V, 0 = ma. Now m 9 ^ 0, since an object cannot have zero mass; 
hence a = 0. Thus, if no force is acting on an object, its accelera¬ 
tion is zero, and hence the object is either stationary (vq — Vt ~ 0) 
or moving with a constant speed in a straight line. Conversely, 
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if a == 0, we have F = 0 from V, and hence, if the object is sta¬ 
tionary or moving with a constant speed in a straight line, there 
is no force acting upon the object, or the forces acting on it balance. 
This property of objects, called the principle of inertia, was ob¬ 
served by Galileo and was first succinctly stated by Newton. It 
is now called Newton’s first law of motion: Any object persists in 
its state of rest or of uniform motion (that is, with constant speed) 
in a straight line unless acted upon by some external force. 

When we push down on a table we feel that we are exerting a 
force on the table, for, if we push hard enough, the table will 
break and the pieces will travel away from their previous positions 
because of the acceleration which was produced by the force 
exerted on the table. In order to account for the fact that we do 
not always break a table when we push down upon it, we must 
assume that the table pushes up just as hard as we push down. 
Observations such as this led Newton to state what is now called 
Newton’s third law of motion: For every force there is an equal and 
opposite force. To understand this law fully, we must realize that 
for a force to exist there must necessarily be two objects involved, 
one which exerts the force and one upon which the force is exerted. 
Thus, in the example considered above, the person who docs the 
pushing is the first objec^t, and the table which is pushed is the 
second object. The person exerts a force upon the table and the 
table exerts an equal and opposite force on the person. 

The force with which an object is attracted to the earth is 
called the weight of the object. This force is often measured by 
means of a platform scale or by a spring balance. In the first case, 
the indicator measures the amount that the platform is depressed 
by the pull of the earth on the object, and, in the second case, the 
indicator measures the amount that the spring is stretched by 
the pull of the earth on the object. To find the weight W of an 
object of mass m, we can use formula V, which becomes 

W = mg 

since the acceleration of gravity is g. Since g changes in value 
from place to place (see page 118), the weight of an object also 
changes although the mass m remains constant. For example, at 
the equator a mass of 1 poimd has the weight W = I X 32.0862 
= 32.0862 poundals, while at the pole a mass of 1 pound has the 
weight W = 1 X 32.2575 = 32.2575 poundals. Since it is cus- 
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tomary to speak of weight in pounds and grams, we define two 
new units of force, namely, the “pound of weight'' and the “gram 
of weight." One pound of weight is defined as the force of attrac¬ 
tion on a mass of 1 pound. Thus 1 pound of weight is approxi¬ 
mately 32 poundals. One gram of weight is defined as the force 
of attraction on a mass of 1 gram. Thus 1 gram of weight is ap¬ 
proximately 980 dynes. It is rather unfortunate that this usage 
still persists, for it often leads to confusion, since by it a force, 
namely weight, is measured in units of the same names as the 
units of mass. 


EXERCISES 

1. An automobile whose mass is 3000 pounds is accelerated from rest to a 
speed of 30 rni/hr in 11 seconds. What is the force driving the automobile? 
Ans. 12,000 poundals. 

2. A mass of 5 pounds thrown forward on ice with a speed of 60 ft/sec is re¬ 
sisted by a (constant force, and after 5 seconds its speed is 30 ft/sec. What is the 
magnitude of the force? Interpret the sign of your result. 30 poundals. 

3. A force of 120 dynes acts for 5 seconds upon an object that was originally 
at rest on a smooth horizontal plane. If the object has a speed of 150 cm/sec at 
the end of tliis time, what is its mass? 

4. An elevator whose mass is 1000 kilograms accelerates uj)ward at 50 vm/seoK 
What force, in addition to the force which balances the weight of the elevator, is 
necessarj^ to produce this acceleration? Ar?.s*. 5 X 10^ dynes. 

5. An elevator weighing 200 pounds is pulled upward with a force of 300 pounds 
weight. (Part of this upward force is needed to balance the weight 
of the elevator.) What is the acceleration of the elevator, and how 
long will it take to gain an upward speed of 32 ft/sec? 

6. Why is the weight of a man less on a inountaintop than it is in a 

valley? w? 

•o 
c 

Composition of Vectors I 

O 

When a force acts on an object it may act at a certain m 
point, in a (certain direction, and with a certain magnitude. 

Thus when a man holds a 10-pound mass in the palm of 
his hand, there is a force of 320 poundals pressing ver- ^ 
tically downward on his hand. This force can be repre¬ 
sented graphically by means of a straight line segment 320 units 
long and directed vertically downward, as in Fig. 1 in which both 
the magnitude and the direction of the force are represented. 

A quantity involving both a magnitude and a direction is 
called a vector quantity; and the arrow used to represent it, as in 
Fig. 1, is called a vector. Force, velocity, and acceleration are 


hioo 


h200 


t-300 
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vector quantities, while speed and mass are not. Quantities which 
possess magnitude only are called scalar quantities. The direction 
in which the vector quantity acts is indicated by the arrow, the 
point of application of the quantity is indicated by the tail of the 
arrow, and the magnitude of the quantity is 
indicated by the length of the arrow. 

Thus far in this chapter we have restricted 
ourselves to the action of a single force, ve¬ 
locity, or acceleration. Often, however, more 
than one such vector quantity is acting at the same time. For 
example, when one is being jostled around in a crowd, many 
forces are acting. 

Suppose that a man jumps on a moving freight car at A (Fig. 2), 
crosses the car to the point directly opposite, and jumps off the car. 
When he jumps off he will be some distance BC down the track 
from the point B which is directly opposite to A. Thus the 
actual path the man traverses, with respect to the ground, is the 
line AC. This path is the result of his walking across the car from 
A to 5 while the car moves from B to C. Suppose now that the 
man crosses the car from A io B while the car is standing still, 
that the car then moves down the track, and that he jumps off at 
C. Because of these successive mo¬ 
tions he reaches the same point 
C. Hence the motion AC which is 
due to the motions AB and BC tak¬ 
ing place simultaneously is equiva¬ 
lent to the motions AB and BC 
taking place succes.sively. The vector AC is called the re¬ 
sultant of the vectors AB and BC, and the vectors AB and BC 
are called the components of AC. Let us suppose that the man 
can walk at the rate of 3.5 mi/hr and that the freight car is 
travelling at a constant speed of 12 mi/hr. Then we may inquire 
as to the speed with which the man travels from A to (7 as the 
result of his walking and the motion of the car. This question can 
be answered approximately by drawing a scale diagram of the 
velocities involved and measuring the resultant velocity. Thus, 
draw a vector AB (Fig. 3) 3.5 units in length; and at the point B, 
and perpendicular to the vector AB, draw the vector BC 12 units 
in length. Then the length of the resultant, which is the vector 
AC, can be measured and is found to be 12.5 units. The angle 
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BAC can be measured with a protractor and turns out to be 74®. 
This angle gives the direction of the resultant vector, as the 
length ol AC gives its magnitude. Thus we can say that the man 
moves from A with a velocity of 12.5 mi/hr in a direction making 
an angle of 74® with the perpendicular to the direction of the 
tracks. This method of solution by means of a scale diagram can 
give only approximate answers, because of the inaccuracies that 
are inherent in constructing diagrams and measuring lengths and 
angles. A more accurate solution can be found by using geometry 
and trigonometry. Thus the length of A (7 may be found by means 
of the theorem of Pythagoras, * whi(!h gives us 

AC^ = AB^ + BC\ 

But AB = 3.5 and BC = 12; hence 

AC"* = 3.5'“ + 12““ = 12.25 + 144 = 1,56.25. 

Hence AC — 12.5. 


The size of the angle BAC may be found by means of the defini¬ 
tion of the tangent of an angle,* 

12 

tan A = — 4.286. 

3.5 


Now, using the table of the values of the trigonometric functions 
in Appendix III, we find that the nearest angle given is 74°. If 
the quantities that were given were known to more significant 
figures, then more complete tables would be used to find the size 
of this angle as accurately as we may wish to have it. 


» The square on the hypotenuse of a right triangle ia equal to the sum of the squares on 
the two arms of the triangle, 

* The student will need to know the following definitions of ti igonometry and should 
learn them now if he has not done so previously: 

Given any right triangle (Fig, 4),consider ^me of the acute angles, say 0. The side of the 
triangle opposite the angle B is called the opposite side, and the side next to the angle B 
which is not the hypotenuse is called the adjacent side. Then we make the following defini¬ 
tions: 


sine^ ' 


cosine 0 


tangent^ “ 


length of the opposi te* side 
length of the hypotenuse 

length of the adjacent aide 
length of the hypotenuse 

length of the opposite side 
length of the adjacent side 


length of the adjacent side 
cotangent B * opposite side 



Fig. 4, 
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3000 poundals 
Fig. 5 



In the problem we have just considered, the two velocities 
were perpendicular, and hence the vector diagram became a right 
triangle. Now let us examine a case in which the two vectors are 
not at right angles. Let us suppose two men 
are pushing a desk across a room and that 
both are pushing horizontally but so that 
the angle between the directions in which 
they push is (Fig. 5). Also suppose that 
one man pushes with a force of 2000 poundals 
and the other with a force of 3000 poundals. We now inquire: In 
what direction will the desk move and by what force is it moved? 
As in the previous problem, we draw the vectors representing 
these forces to scale and find their resultant. We may think of 
the one man alone as pushing the desk for a certain time, and then 
after he is through the other man pushes it for the same length of 
time. The first man^s push is 
represented by the vector AB in 
Fig. 6 and the second man's by 
the vector BCj equal in length 
and parallel to the vector AC in 
Fig. 5, Then the resultant is the 
vector AC. Its length is found by measurement to be 4833 
poundals, and the angle CAB is found by measurement, with a 
protractor, to be 15°. Thus the resultant force is a force of 4833 

poundals in a direction making 
an angle of 15° with the 3000- 
poundal force. These values 
are, of course, approximate, de¬ 
pending on the accuracy of the 
diagram and the measurements. 
To solve this problem more ac¬ 
curately requires the solution 
of a triangle in which no angle 
is a right angle. The methods of solution of such triangles are 
given in textbooks on trigonometry. 

If several men push against a desk in different horizontal 
directions, we can find the resultant force by the same method as 
before. Let the vectors representing the forces exerted by the men 
be AB, AC, AD (Fig. 7). Now draw the vector AB, and from B 
draw the vector BC' equal in length and parallel to AC (Fig. 8); 


3000 poundals 6 
Fig. 6 


D' 



C' 
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then from C' draw the vector C'D' equal in length and parallel to 
AD. The vector AD' is the resultant of the three vectors. This 
same method is used to find the resultant no matter how many 
vectors are given. If each vector is drawn carefully to scale and 
all angles are measured carefully with a protractor, the magnitude 
and direction of the resultant may be obtained with a considerable 
degree of accuracy. 


EXERCISES 

1. A pilot is steering his airplane due north at a rate of 120 mi/hr when he runs 
into a wind blowing from the east at a rate of 50 mi/hr. If the piilot does not steer 
differently, in what direction will the plane actually move and with what speed? 
Ans. 23° west of north with a speed of 130 mi/hr. 

2. If the engine of a boat is driving the boat with a force of 5000 pounds across 
stream and the current in the river pulls the boat downstream with a force of 
1000 pounds, in what direction will the boat move and with what force? 

3. A weight of 50 pounds hanging from an airplane by a short rope encounters 
a steady horizontal wind force of 22.8 pounds. Find the angle the rope makes 
with the airplane and the tension in the rope due to these two forces. An.s. 65°; 
54.9 pounds. 

4. A boat would travel 8 mi/hr in a direction 60° west of south if it were not for 
a current which alone would carry the boat 6 mi/hr in a direction 30° west of 
north. What is the resultant velocity of the Ixiat? 

5. A canal boat is pulled by two horizontal ropes with an angle of 35° between 
them. One rope has a tension of 1000 pounds and the other a tension of 2000 
pounds. What is the fiull on the boat, and what is the direction in which the boat 
will move? (Hint: Use a scale diagram.) 

Resolution of Vectors 

It is often as important to know how to break up a force, 
velocity, or acceleration into its components as it is to know how 

H 

W 

Fig. 10 

to obtain the resultant. This is especially true in such types of 
motion as that of a projectile fired obliquely in the air and of 
motion on an inclined plane. As an example, let us consider a 
horse pulling a low sled (Fig. 9). If the horse pulls with a force of 
70,000 poundals, what is the value of the component which moves 
the sled forward if the horse's pull is 11° above the horizontal? 
We have given a force WH (Fig. 10) inclined at 11° to the hori- 




Fig. 9 
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zontal WA. We wish to find the force WA which pulls the sled. 
Some of the force that the horse exerts goes to lifting the sled. 
This wasted force is represented by All in Fig. 10. The problem 
therefore becomes one of finding the two forces WA and AH, 
horizontal and vertical, respectively, which together are equal to 
the force which the horse exerts. Since the components arc to be 
perpendicular and one is to be horizontal, we draw a horizontal 
line WA and from H drop a perpendicular to this horizontal line. 
Then WH is the resultant of the forces WA and AH, and hence 
WA and AH are the horizontal and vertical components of the 
force WH. By measurement of the scale diagram we find WA 
= 69,000 poundals and AH = 13,000 poundals. To find the 
values of WA and AH more accurately, we have 


sin 11° = 


AH 
WH ■ 


Hence AH = WH sin 11° = 70,000 X 0.1908 = 13,356 poundals. 


Also 


cos 11° 


_ WA 

~ WH' 


Hence WA = WH cos 11° = 70,000 X 0.9816 = 68,712 poundals. 


EXERCISES 

1. A man rows a boat at the rate of 4 mi/hr, making an angle of 30° with the 
straight shore of a lake. How fast is he moving away from the shore? Ans. 

2 mi/hr. 

2. A ship is sailing 35° east of north with a speed of 14.0 mi/hr. With what 
speeds is it travelling northward and eastward? 

3. A long window pole is used to raise a window. A force of 30 pounds is 
applied to the rod when it makes an angle of 30° with the vertical. Find the value 
of the useful component. Ans. 25.98 pounds. 

4. A man pulls a log along the ground with a 6-foot rope. If the man’s hand is 

3 feet above the ground and he pulls on the rope with a force of 50 pounds, find 
the force with which he moves the log. Ans. 43.3 pounds. 

5. A man pushes a 300-pound roller with a force of 150 pounds exerted along 
the handle. The handle makes an angle of 30° with the ground. P’ind (a) the 
component useful in moving the roller, (b) the force the roller exerts on the 
ground. Ans. (a) 129.9 pounds; (6) 375 pjounds. 


Equilibriupn of Forces Acting on a Particle 

In certain situations it is clear that forces are acting but that 
they are balanced in such a way that no accelerated motion 
occurs. For example, consider a traffic light which is suspended 
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over the middle of a street intersection by a cable attached to two 
poles on opposite corners of the intersection. Here the light re¬ 
mains suspended in its place, and it is evident that the cable is 
pulling on each of the poles. The tensions in the cable are bal¬ 
anced by the weight of the light. In such a case we say that the 
forces are in equilihrium. 

Forces in equilibrium can be illustrated by means of the follow¬ 
ing experiment. To two nails, A and B, five feet apart on the same 
level, we fasten strings and two spring 
balances (Fig. 11). To these two balances 
we attach a single piece of string so that 
the total length of the two balances and 
the strings is 7 feet. On the lower string 
we attach a 10-pound weight so that it is 
3 feet from the nail A (and therefore 4 feet 
from the nail B), Now if we read the tensions in the strings WA 
and WB as measured by the spring balances, we find the tension 
in ITA is 8 pounds and the tension in WB is G pounds. Since 
there is no motion, the three forces involved are in equilibrium. 

Now let us draw the vector diagram (Fig. 12) for the problem 
just considered. The angle between WA and WBi^ 90° since the 
sides of the triangle 3, 4, and 5 satisfy the theorem 
of Pythagoras; hence the forces in these two direc¬ 
tions are at right angles. The vector CD is drawn 
parallel to WA of Fig. 11 to represent the 8-pound 
force in the direction WA] at D the vector DE is 
drawn parallel to IFD of Fig. 11 to represent the 
6-pound force; and at E the vector EC is drawn 
vertically downward to represent the 10-pound 
force. We observe that the figure is closed, and 
therefore the resultant force is zero. This and 
similar cases enable us to state the first condition 
of equilibrium of forces: The forces acting on a body are in equi¬ 
librium if the sum of the forces {that isy the resultant) is zero. The 
force (in this example EC) which exactly balances the other forces 
(in this example CD and DE) is called the equilibrant. 

From the first condition of equilibrium stated above, we can 
see that since the resultant force is zero, the body has no accelera¬ 
tion, that is, it is either stationary or moving with a constant 
velocity in a straight line. When the resultant force on a body is 



Fig. 12 



10 lbs 
Fig. 11 
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not zero, the body will move with an acceleration that can be 
found from Newton’s second law, and it will be accelerated in the 
direction in which the resultant force is acting. While the above 
condition for equilibrium is sufficient for a particle, it is not enough 
for an object of any size. In such cases the points of application 
of the forces must also be considered. This involves a second 
condition for equilibrium whicffi will be discussed in the next 
chapter. 

EXERCISES 

1. A fitone weighing 400 kilograms is suspended from a derrick. The stone is 
pulled aside with a horizontal force of 300 kilograms. Find the resultant force on 
the derrick rope and the angle that the rope makes with the vertical. Ans. 500 
kilograms; 37°. 

2. A hammock 17 feet long is suspended between hooks 13 feet apart and at 
the same height above the floor. What is the pull on each hook if a person weigh¬ 
ing 130 pounds sits 5 feet from one end? (Hint: Draw a diagram representing 
lengths, and a vector diagram, and then use similar triangles.) 

3. A rope attached to a hook on a wall passes over a pulley on the end of a bar 
6 feet long, extending horizontally from a point on the wall 12 feet below the 
hook. A 3600-i)ound load is attached to the free end of the rope. What is the 
tension on the section of the rope between the hook and the pulley? What is the 
horizontal thrust of the bar against the wall? Ans. 3900 pounds, 1500 pounds. 

4. A rope 100 feet long is attached and drawn taut between a tree and an auto¬ 
mobile. A man pulls with a force of 100 pounds at right angles to and at the mid¬ 
dle of the rope and moves this point 5 feet. What is the tension in the rope, 
assuming that it does not stretch? Ans. 1000 pounds. 

TOPICS FOR SPECIAL STUDY 

1. The definitions of instantaneous speed and instantaneous acceleration. 

2. Terminal velocity. 

3. Paths of projectiles. 

4. Newton^s third law of motion. 

5. Rotational motion. 

6. Simple vibratory motion. 

7. The solution of general triangles. 
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chapter VIII 


Work and Energy 


Force and motion, the subjects of the previous chapter, are 
inseparably bound up with work and energy, as the definitions 
and illustrations in this chapter will show. These two pairs of 
physical concepts also have a parallelism in their reciprocal rela¬ 
tionships which will become clear in the course of the present 
chapter. Forces can exist without motion, but motion is almost 
invariably associated with a force. Similarly, energy can exist 
without work being done; but whenever work is done, energy is 
used up. 

Work 


If we were to stand motionless and hold a weight in our arms, 
we would grow tired, but we would nol be performing any work 
in the sense in which that term is used in ^ 
physical science. Work will be done only ° 
if we move the weight from a lower to a ^ 

higher level. Wor k is done, therefore, when the point of application 
of a force moves in the direction of the force, and the amount of work 
^ performed is given by the product of the 

force and the distance its point of applica¬ 
tion moves in the direction of the force. If 
the point of application moves a dis¬ 
tance s from 0 to P (Fig. 1) in the direc- 


Fia. 2 


tion of the force F, the work W is given by 

TF = F X s. 


If the direction of motion (OP in Fig. 2) is inclined at an angle 
e to the direction of the force P, the work done is given by the 
product of the force and the component of the motion in the direc- 
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tion of F. While the point of application has moved from 0 to P, 
it has really only moved a distance OQ in the F direction. The 
work is now given by 

W = F X OQ = F X s COB 9. 

[f F is expressed in dynes and s in cm, the work is measured in 
ergs. If, on the other hand, F is expressed in poundals and s in 
feet, the work is expressed in foot-poundals. The erg is defined as 
the amount of work done when a force of one dyne acts through a 
distance of one centimeter^ the centimeter being measured in the 
direction of the force. A larger unit called the joule is often used; 
it is equal to 10" ergs. Similarly, a foot-poundal of ivork is done 
when a force of one poundal acts through a distance of one foot. 

Example 1. A man exerts a horizontal pull equal to a kilogram weight in 
dragging a load along a pathway. How much work does he perform if he drags 
the load a kilometer? 

Solution. Work = force X distance 

= (1000 X 980) dynes X (1000 X 100) cm 
= 9.8 X 10^° ergs or 9.8 X 10^ joules. 

Example 2. How much work does a man perform in lifting a mass of 10 kilo- 
. grams a distance of 1 meter? 

Solution. Work = force X distance 

— (10 X 1000 X 980) dynes X 100 cm 
= 9.8 X 10® ergs or 98 joules. 

Example 3. A force equal to 100 grams weight is required to turn a crank 
handle. If the force may be considered to act at a distance of half a meter from 
the axis of rotation, how much work is done in ten rotations of the handle? 

Solution. Work = force X distance 

= (100 X 980) dynes X (10 times the distance travelled in 

one rotation) 

= (100 X 980) dynes X (10 X2t X 50) cm 
= 987r X 10® ergs. 


Power 

In defining work we pointed out that the mere exertion of a 
force and the resultant fatigue did not constitute the performance 
of work, and that work is done only when a resistance is overcome 
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by the motion of the point of application of a force in its own direc¬ 
tion. In everyday life we speak of a man who can exert a great 
force as a powerful man, as if the ability to exert a great force 
were synonymous with power. In physical science, however, 
power means something different; the element of time as well as 
the concept of work is involved. By power we mean tlie time rate 
at which work is done. Thus, 

_w ork done _ 

power — during which this work is done 

If work is measured in ergs and time in seconds, then the power 
will be expressed in ergs per second; and if the work is measured 
in foot-poundals, then the power will be expressed in foot-poundals 
per second. We have seen above that work may also be expressed 
in joules; in this case the power is obviously expressed in joules 
per second or in watts, a watt being a unit of power and equivalent 
to the performance of one joule of work per second. The watt is 
named after the famous Scottish engineer, James Watt (1736- 
1819), who took a leading part in the development of the steam 
engine during the close of the eighteenth century. He also in¬ 
terested himself in the work that a dray horse could perform 
when raising coal from a pit. By making an estimate of the work 
done by such a horse and the time needed, he defined a horse¬ 
power as 550foot-pounds * of work per second, or 33,000foot-pounds 
per minute, which is equivalent to 746 watts. 

Today, power is commonly employed in electrical form. If we 
pay five cents a unit for electricity, the unit being a kilowatt-hour, 
it is clear that we are paying for work. From the definition of 
power given above, it follows that: work = power X time. Hence 
a kilowatt-hour is equivalent to a power unit (the kilowatt) mul¬ 
tiplied by a time unit (the hour) and consequently has the dimen¬ 
sions of work. The number of ergs of work received for five cents 
may be calculated as follows: 

1 kilowatt-hour = 1000 watts X 3600 sec = 1000 X 3600 sec 

= 3.6 X 10« joules = 3.6 X 10® X 10' ergs = 3.6 X 10” ergs. 

^ It has become customary in en^inecrinK practice to express work in foot-pounds, a 
foot-pound being the amount of work done by a force of one pound acting through a dis¬ 
tance of a foot. It follows that one foot-pound equals 32 foot-poundals. 
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Example 1. If a million ergs of work are done by a machine in one hundredth 
of a second, what power does it develop? 

^ work 10® ergs 

Solution. Power = ■. == ;r -——— — 10** ergs per sec 

time 0.01 sec 

io« 

~ T(P = 10 watts. 

Example 2. If a one-horsepower engine runs for ten hours, how much work will 
it do? 

Solution. Work = power X time = 746 watts X 10 X 60 X 60 secs 

= 746 joules/scc X 36 X 10^ sec = 746 X 36 X 10^ joules 
= 746 X 36 X 10^ X 10^ ergs, 

or, using the other common system of units: 

work = power X time = 550 ft-lbs/sec X 36 X 10® secs 
= 550 X 36 X 10® ft-lbs. 


Machines 

In the performance of work we have in the course of time 
learned to avail ourselves of contrivances which make this per¬ 
formance easier. These devices are called machines. A machine 
may be defined as a device whereby the magnitude and direction of a 
force may he changed. By means of machines a downward force 
can be converted into an upward force, and this proves to be a 
convenience on occasion. Machines enable us to overcome a large 
resistance by the exertion of a comparatively small force; the ad¬ 
vantage of this need hardly be mentioned. In the discussion of 
machines we shall confine ourselves to three kinds: the lever, the 
pulley, and the inclined plane. Simple machines such as these 
have been in the service of man since time immemorial. They 
were early put to use in the construction of dams, in the erection 
of the pyramids, as part of attack and defense armaments; and 
today they still form indispensable parts of most larger machines, 
no matter how complicated their construction. 

The Lever 

Figure 3 represents the conditions under which the ordinary 
lever is used as a crowbar. F is the force or effort exerted, say by 
a man who is pushing down at the end 5 ; C is the fulcrum or pivot 
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(earth); and R is the resistance offered, for example, by a rock at 
the end A. Practical experience tells us that the distance CB, 
also called the effort arm^ must 
be large compared with the dis¬ 
tance CA, the resistance arniy if 
by exerting a force F we want to 
overcome a larger resistance 
(force) R, In fact, when the 
tendency of R to cause rotation 
of the lever f*ound the point C is 
just balanced by the tendency of 
F to cause rotation round the same point, the law that must be 
satisfied is given by the equation: 



R 


Fig. 3. a lever used as a crowbar 


RXCA = FX CB, 


12 _ _ effort arm 

F CA resistance arm 


The expression R X CA is called the moment or torque of the 
force R about the point Cj and likewise F X CB is called the 
moment or torque of F about C, The moment or torque is a measure 
of the turning effect of a force. The equation above is called the 
law of moments for rotational equilibrium of the lever AB. 


Mechanical Advantage 

The ratio of R to F is (‘ailed the mechanical advantage of the 
lever. We usually desire to make this ratio large, for it is evidently 
to our advantage to be able to overcome a large resistance by 
exerting a small force or effort. By definition then: 

, . , , resistance overcome effort arm 

mechanical advantage = “effort appli^ = resistance arm 


where “resistance” and “effort” are forces. The last expression 

> shows why we usually place the fulcrum 
far from the effort and near the resistance. 
P The moment of a force concerns rota¬ 
tion about a given point, and we may 
define torque as the product of the force 
tending to cause rotation and the length of 
Fig. 4. the moment of the perpendicular drawn from the axis of ro- 
A force tation to the line of action of the force. In 


Fig. 4 the moment or torque of F about 0 is F X p. It should be 
noted that when the direction of F passes through 0 it has zero 
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moment or turning effect, and that the moment of a given force is 
greater the farther the force acts from the axis of rotation. Prac¬ 
tical use is made of this fact by placing handles of doors and gates 
as far as possible from the hinges. 

Equilibrium 

If a body is to be in equilibrium, two conditions must be satisfied 
in general. The law of moments is one of these. That another 
^ must be fulfilled appears immediately from 

‘ the following consideration. If the lever 

AB (Fig. 5) is to be in equilibrium, the 
force Fi with which the fulcrum pushes 

-- - upwards must be equal to the sum of R 

^ and F acting downwards, or the vector sum 

^ of Fly Ry and F must equal zero. If the 
^ weight of the lever is taken into considera- 

Fig. 5. ^THE EQmLiBRiuM Fi must be equal to the sum of 

Ry Fy and the weight. To repeat, then, 

two conditions are necessary for the equilibrium of a body: 


(1) The vector sum of all the forces acting on it must be zero. 

(2) The sum of the moments of the P 

forces tending to cause clock¬ 
wise rotation about any axis 

must equal the sum of the mo¬ 
ments of the forces tending to 
cause counter-clockwise rota¬ 
tion about the same axis. 


The application of the condi¬ 
tions of equilibrium readily leads 
to the solution of a problem such 
as the following: 

A uniform bar, A By 10 feet long, 
has a mass of 25 pounds (Fig. 6). A 
mass of 20 pounds is hung from the 
end A and one of 100 pounds from the 
end B, Find where the rod must be 
supported for equilibrium. 

Let the fulcrum be placed a dis¬ 
tance X from Ay where x is unknown. 






20x32 

poundals 




25x32 

poundais 


100x32 

poundals 

Fig. 6. a body in equilibrium 

UNDER THE ACTION OF SEVERAL 
FORCES 


For equilibrium: (1) The vector sum of all the forces must be zero. Hence, 
taking downward forces as positive and upward as negative: 



WORK AND ENERGY 


137 


(20 X 32) + (25 X 32) + (100 X 32) ~ F = 0 
or F = 145 X 32 poundals. 

(2) The sum of the moments of the forces tending to cause clockwise 
rotation about any axis (here normal to the plane of the paper) must 
equal the sum of the moments of the forces tending to cause counter¬ 
clockwise rotation about the same axis. Taking moments about the 
point C: 

clockwise moments = counter-clockwise moments 
25(5 — x) + 100(10 — x) = 20x, or, solving, x — 7.8 ft. 

The point C, where the fulcrum is to be placed for equilibrium, must 
therefore be situated to the right of the midpoint of the bar at a distance 
7.8 ft from A and not as shown in the figure. 

The lever we have just considered belongs to the first class, in 
which the fulcrum is situated between the effort and the resistance. 

F ' R 


R F 

Fig. 7. levers of the second class (lefi^) and third class (right) 

There are two other classes, illustrated in Fig. 7. In the second 
class the effort is applied at one end of the lever, the fulcrum is at 
the other, and the resistance is between the two. An example of 
this type is the oar of a row boat, where the w^ater is the fulcrum. 
A pair of sugar tongs is an example of the third class, where the 
resistance appears at one end, the fulcrum at the 
other, and the effort between the two. 

Pulleys 

A single fixed pulley, when used as shown in 
Fig. 8, is really a rotary lever of the first class 
with the fulcrum at C. A fixed weight W takes the 
place of R in earlier figures. Here AC equals BC, 
and the mechanical advantage is unity; but the application of a 
downward force F at B results in the exertion of an upward force 
at A and in the lifting of a weight W. 
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By combining fixed and movable pulleys, we can construct a 
machine whose mechanical advantage is much greater than unity. 
In Fig. 9 we have an example of a pulley system containing three 
fixed pulleys in the upper half of the unit and three 
movable in the lower half to which the weight IF, 
to be raised, is attached. If there is no friction, the 
tension in the cord will be the same as F, the effort 
or applied force. If we neglect the weight of the 
lower unit, the total force supporting W will be 6F. 
By definition: 



mechanical advantage = 


effort applied _ ^ 
resistance overcome F 
= 6 . 


Fig. 9 

A pulley sys¬ 
tem consisting 
of a fixed unit 
(upper) and a 
movable unit 
(lower). Each 
unit consists of 
three pulleys. 


The mechanical advantage in a case such as the one 
described is equal to the number of strings in contact 
with the movable block. In practice, where the 
weight of the lower block cannot be neglected, 6F 
will be equal to the weight of the pulley block plus W. 

Pulleys may be arranged in many ways, and no 
universal rule for determining the mechanical ad¬ 
vantage can be given. Each arrangement must be 
considered according to the principles outlined 
above. 


The Inclined Plane 

We know from experience that it is easier to climb a mountain 
by means of a path that zig-zags up the mountainside, or by 
means of one that spirals up, than 
to ascend nearly vertically. It 
is easier to walk up a gentle 
slope than up a steep incline. The 
reason for this is that in walk¬ 
ing up an incline or an inclined 
plane we are making use of a ma¬ 
chine which enables us to raise 
a weight by exerting a force which is less than the weight. In 
Fig. 10 we have a plane inclined at an angle 6 with the horizontal, 
6 being called the angle of the plane. Let it be assumed for sim¬ 
plicity that the plane is smooth. A smooth surface can exert a 
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Fig. 11 


force only at right angles to itself; it cannot support a force 
parallel to its surface. A body of mass m resting on the plane will 
therefore be acted on by two forces only: its own weight mg 
vertically down and R, the reac¬ 
tion of the plane normal to its 
surface. 

The force mg may be resolved 
into two components, as illus¬ 
trated in Fig. 11a. The force m.g 
sin 6 is parallel to the plane, and 
mg cos B is perpendicular to it. 

The angle 6 of Fig. 1 la is the same 
as that of Fig. 116, since it is contained by two lines respectively 
perpendicular to the lines which contain it in the latter figure. 
The forces acting on the mass m now resolve themselves into those 
of Fig. 12. The difference between Figs. 10 and 12 is that in the 
latter the force mg has been replaced by its components, mg sin 
6 parallel to the plane and 7r}g cos 6 perpendicular to the plane and 
opposite to Rj the push of the plane. Since there is no motion per¬ 
pendicular to the plane, we may write mg cos 6 = R. The remain¬ 
ing force mg sin 6 is the one which urges the mass m down the 
plane. In order to pull (or push) m up and parallel to the plane 
/? with constant velocity, a force 

equal and opposite to mg sin 6 is 
needed. If we wish to raise a 
body by pulling it up a smooth in¬ 
clined plane, we shall have to use 

Fig. 12. resolution op forces ^ ^ contrast with 

ACTING ON A BODY ON AN INCLINED the forcc 771 gj uecessaiy for a di- 

rect vertical lift. For all values of 
By sin B is less than unity and therefore mg sin B is less than 7ng. 
An inclined plane is thus in effect a machine which enables us to 
overcome a resistance mg by exerting an effort mg sin B. Its 
mechanical advantage is given by the usual ratio: 

resistance overcome _ mg _ _Z 

effort exerted mgsmB siiiB h 





e\ 


^ mg cos 0 


where I is the hypotenuse and h the vertical height of the plane. 

It is evident that the mechanical advantage is increased by 
decreasing the angle of the plane; but it must be stressed that we 
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obtain this increase of mechanical advantage only by sacrificing 
something else, namely, distance, for by decreasing the angle of 
the plane the distance to be travelled along the hypotenuse, for 
a given vertical rise, increases. In general, then, while a machine 
may diminish the magnitude of a force, it will at the same time 
increase the distance through which that force must act in order 
to perform a given amount of work. 

Efficiency 

The remark at the close of the preceding paragraph suggests a 
consideration of the amount of work that may be obtained from 
a machine as compared with that put into it. This ratio of the 
output to the input is called the efficiency of the machine, and it is 
customarily expressed as a percentage. In the case of an inclined 
plane the output is 7ng X /i, for the macliine is used to raise a 
mass m through a distance h. The input, on the other hand, is 
mg sin 6 X L Therefore 


efficiency = 


output _ mgh __ h 

input ~ 7//^sin^ X I I sin 6 


= 1 . 


The work put in exactly equals the work obtained. We see that 
the existence of a mechanical advantage greater than unity by 
no means enables us to get more work out of a machine than we 
put into it. In the case above, we have neglected fric¬ 
tion, which is tantamount to assuming ideal conditions. 
Under all actual conditions some of the input will be 
dissipated as heat in friction and will not produce use¬ 
ful returns. The result is that the output of useful 
work is diminished, and the ratio of output to input 
drops to some value less than unity. Lubricants are 
used in machinery for the purpose of diminishing fric¬ 
tion and increasing eflSciency. 

|* Example 1 , (a) Show that the ideal mechanical advantage MA 

of the pulley system illustrated in Fig. 13 is three. 

Fig. 13 ( 5) jf an effort of 50 pounds is required to lift a weight of 140 

pounds, what is the actual mechanical advantage of the pulley system in Fig. 13? 
(c) Calculate the efficiency of the system from the data in (6). 



Solution, (a) There being three strings attached to the movable pulley, the 
ideal MA is three (see p. 138). 
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(&) 


Actual MA = Eggil*^»c e overcome 
effort exerted 


140 

50 


= 2.8. 


(c) Since three strings arc attached to the lower half of the pulley system, it 
follows that if W ascends 1 foot, each of the strings becomes a foot shorter. This 
means that 3 feet of string will have to be taken up by P\ the effort. 


Hence, efficiency — 


output _ 140 X 1 


input 

Notice that the efficiency = 


50 X 3 

actual MA 
ideal MA 


140 

150 

- ^ 
3 


= 93.3%. 
= 93.3%. 


Example 2. The angle of a smooth inclined plane is 30'’. What force, pulling 
parallel to the plane, will be needed to drag a mass of 100 pounds up the plane 
with constant velocity? 


Solution. It was shown that the mechanical advantage of an inclined plane is 
the ratio of its length to its height, or 1/sin 6. In this case, therefore, the ideal 
MA = 1/sin 30° = 1/0.5 - 2. 


Since 


MA 


2 — resistance overcome 
effort exerted 


2 - 100/F, or F = 50 lbs. 


Example 3. If, in Example 2, there were friction between the mass of 
100 pounds and the plane, and a force of 60 pounds were needed to drag the 
mass up the plane, what are the mechanical advantage and the efficiency of this 
rough plane? 


Solution. Actual MA 


resistance overcome 
effort exerted 


100 

60 


- 1.7. 


Efficiency = 


actual MA 
ideal MA 


Y = 


Energy 

Work and energy are nearly synonymous terms. Both are 
measured in foot-poundals or ergs. What difference there is exists 
in the sense that work is the result of energy, the latter usually 
being defined as capacity for doing work. This energy, or capacity 
for doing work, is of two kinds: (1) potential and (2) kinetic. 

A body has potential energy by virtue of its position, shape, 
size, or physical or chemical state. A mass which has been raised 
can do work on being released and, therefore, has "energy of posi¬ 
tion.” We have an example of this in a pile driver: a weight is 
raised, thereby gaining potential energy. On being released the 
potential energy is converted into energy of motion, which gives 
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the weight the capacity for doing work and hammering the pile 
into the earth. A bent rod of elastic material has energy of shape, 
as is illustrated by the familiar bow and arrow. On bending the 
bow, potential energy is stored in it, and the amount stored in¬ 
creases with the flexing of the bow. On the release of the latter the 
stored energy is communicated to the arrow in the form of energy 
of motion, which now gives the arrow the capacity for doing work. 
A rubber sphere which has been compressed by a pressure, uni¬ 
formly applied on all sides, into a smaller sphere has energy of 
size, which becomes available as soon as the pressure is removed. 
Water, on freezing, expands with great force and, therefore, has 
energy due to its physical state. Gunpowder has a great store of 
energy by virtue of its chemical condition or state. 

A body has kinetic energy when in motion, and therefore ve¬ 
locity is involved in the expression for this form of energy. The 
motion may be one of pure translation such as occurs, for example, 
when an object slides down a perfectly smooth inclined plane. 
It may be one of pure rotation, such as is possessed by a wheel 
turning on a stationary axle. Usually motion is a combination of 
the two, and an example of this is a wheel rolling down an incline: 
here there is kinetic energy of translation due to the movement 
of the wheel down the plane, and there is kinetic energ}^ of rota¬ 
tion due to the turning of the wheel. A baseball thrown without 
spin and with a given linear velocity has less kinetic energy than 
the same baseball thrown with spin and with the same linear ve¬ 
locity. 

Calculation of Potential and Kinetic Energy 

The increase in the potential energy of a body which has been 
raised above a given level is simply equal to the work spent in 
lifting the body from this level to its new position. To do the lifting, 
a force equal and opposite to mg, the weight of the body, has to 
be exerted, and if the distance of lift is h, the work done is evidently 
equal to mgh. It may therefore be said that the potential energy 
of a body with respect to a particular lower level is given by mgh, 
where h is the distance between that level and the present position 
of the body. 

A mass m, initially at rest, has no kinetic energy. Let a force F 
act on it for a time interval t and accelerate it to a velocity v. 
During the interval considered the mass must have moved a 
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certain distance s in the direction of F. The work done by the 
force is given by: 

work = F X s — ma X s (where a is the acceleration of m). 

We know that when a body is accelerated from rest to a final 
velocity v, the following relation is true: 

= 2as (Equation rV, p. 116) 

v'^ 

or, ns = -^ ■ 

Consequently the work done on the mass m is: 

y ' 1 

Fs = m X -Z-) = 2 ~ ki'^ctic energy. 

It must be noted that kinetic energy is energy possessed by a body 
by virtue of its motion and that as long as it is at rest the kinetic 
energy is zero. In fact, the kinetic energy is proportional to the 
square of the velocity, so that by doubling the latter, the former 
becomes four times as great. Furthermore, the acquisition of 
kinetic energy by a mass is always due to work done upon it by a 
force. 

In the derivation above, the force acting on m acts on a body 
initially at rest. If the initial velocity is v, instead of zero, and the 
final velocity Vf, then the work done on m turns out to be hnVf^ 
— that is, it equals the gain of kinetic energy. Conversely, if 

a retarding force slows down a body, the work done by the force is 
equal to the loss of kinetic energy of the moving body. Since work 
is measured in ergs or foot-poundals, the expression for kinetic 
energy, hnv'^, will be in ergs if m is measured in grams and v in 
cm/sec, while it will be in foot-poundals if m is measured in pounds 
and a in ft/sec. 

Conservation of Energy 

By equating the work which a force does on a body to the gain 
or loss of kinetic energy, use is made of one of the most universal 
laws in science, the principle of the conservation of energy. Ac¬ 
cording to this, energy can neither he created nor destroyed. It may, 
however, be transformed from one form to another; but at the 
end of the transformation the amount of energy in existence will 
be equal to that existing before the transformation. 
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It certainly is true that in the transformation of energy some of 
it may be lost insofar as it is no longer available for desired uses. 
Friction generally robs us of some of the available energy and 
renders it unavailable, but the robbery does not destroy the un¬ 
available portion; it merely turns it into useless heat. 

It is interesting to ponder upon the chain of transformations 
that occur in the following illustration: sunlight imparts energy 
to trees and plants, and in the course of thousands of years this 
energy is transformed into coal. During combustion the energy 
in the coal is liberated as heat, the heat may be used to generate 
steam, the kinetic energy of the steam to run a turbine, the turbine 
to turn a dynamo, and thus, finally, to produce electrical energy. 
At each transformation some energy will be lost, and the overall 
efficiency decreases with every successive step. 


Example 1. An automobile weigliing one ton and travelling at 30 miles per 
hour is stopped in one hundred feet. Calculate the retarding force exerted by the 
brakes. 


Solution. The work done by the retarding force F must equal the loss of 
kinetic energy, Fs - 


F X 100 ^ i X 2000 X 


/30 X 5280\2 
\ 60 X 60 y 


F = X 2000 X (44)2 poundals = 19,360 poundals. 


Example 2. A smooth inclined plane has an angle of 30° and is 10 meters 
high. A body slides down the plane from the top. Calculate its velocit}’^ when it 
reaches the level of the base. 


Solution. Since the plane is smooth there will not be any loss of energy in 
friction. The potential energy possessed by the body at the top of the plane will 
all have become kinetic energy by the time the level of the base is reached. We 
may therefore equate: mgh — ^mv\ where m — the unknown mass of the body. 
Here mgh is the potential energy of the body at the top of the plane whose ver¬ 
tical height is h, and is its kinetic energy when it gets to the bottom. 

It follows directly that = 2gh 


or V = \/2 X 980 X 1000 cm/sec = 1400 cm/sec. 

It is interesting to note that: (1) m cancels in the equation, and the velocity is 
therefore independent of the mass of the body, (2) the velocity is independent 
of the angle of the plane and depends only on its vertical height, and (3) as a 
consequence of the foregoing, if a body is raised vertically a distance of 10 meters 
above a level surface and then allowed to fall, it will reach the level surface with 
a velocity of 1400 cm/sec. 
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EXERCISES 

1. A mass of 10 grams is thrown vertically upwards with an initial velocity 
of 100 cm/sec at a place on the earth^s surface where g equals 980 cm/sec^. What 
is: (a) its initial kinetic energy, Qy) its initial potential energy, (c) its initial total 
energy? 

2. Answer questions corresponding to those in Problem 1 for the mass when 
it is halfway up in its flight and also when it has reached the highest point of its 
flight. 

3. An inclined plane is perfectly smootii, has an angle of 60°, and is a meter 
long. A body whose mass is 100 grams slides from the top to the bottom. Mnd 
its velocity when it reaches the bottom. 

4. Repeat the calculation of Problem 3 when the angle of the plane is 30° 
and 90°. What conclusion can you draw from tliis? 

5. A tower is 400 meters high, and a man whose mass is 80 kilograms climbs 
this tower in 1 hour. What power has he developed? 

6. A smooth inclined plane has an angle of 45° and a length of 30 inches 
measured along the plane. Plow much work is done in dragging a 10-pound 
mass up the plane by a force exerted parallel to it? 

7. A man raises weights from the floor onto a platform 3 feet high. If each 
weight is 50 pounds and one is raised onto the platform every half minute, at 
what fate, measured in horsepower, is the man doing work? 

8. Show that 1 horsepower e(iuals 746 watts. 

9. A uniform beam weighs 100 pounds and is 10 feet long. A weight of 50 
pounds is hung from one end and one of 100 pounds from the other. Where must 
the beam be supported for balance? What will be the force exerted by the sup¬ 
port? 

10. A wheelbarrow has the axle of its wheel 4 feet from where a man exerts the 
lifting force. If the weight of the barrow and the load acts at a distance of 1 foot 
from the man, calculate what mechanical advantage the latter enjoys. 

11. The handle of a door is 3 feet from the straight line passing through the 
hinges. In opening the door, a force is applied in a direction forming an angle of 
30° with the perpendicular to the plane of the door. Find the moment of the 
force which is effective in opening the door. 

12. A pulley system has three pulleys in the upper fixed block and two in the 
lower movable one. A string is attached to a hook on th(^ lower block, then passes 
over a pulley in the upper, returns to the lower, and continues back and forth 
until it finally leaves the last pulley in the upper block. Find the ideal mechanical 
advantage of the system. If a force of 150 pounds is required to hoist 700 pounds 
attached to the lower block, which itself weighs 50 pounds, what are the actual 
mechanical advantage and the efficiency of the system? (See Example 1, p. 140.) 
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chapter IX 


Heat and Temperature 


Laws and Theories Again 

As was stated earlier, scientists are able, largely by inductive 
methods, to establish general laws which are of use in describing 
a large number of natural phenomena. Because of the nature of 
some of these law^s one is apt to get the mistaken impression that 
a law, in order to be of value, must give a complete explanation 
or reason for any behavior related to it. Consider the example of 
Newton’s laws of motion, which were discussed in Chapter VII. 
These laws together with the universal law of gravitation have 
formed the basis for what can be called the classical theory of 
mechanics. This theory when properly applied to almost any 
system or body will predic^t its future motion. It applies to astro¬ 
nomical bodies just as well as to smaller objects. The important 
point is, however, that the laws and the theory only enable us to 
predict how these objects will behave under a given set of condi¬ 
tions but make no attempt to answer the question why. When 
tackling the latter, one enters the realm of metaphysics and 
controversy. The universal law of gravitation states that two 
masses attract one another with a force that varies inversely as 
the square of the distance between them, but it does not give any 
reason why this should be the case. Hence a scientific law should 
not be interpreted as an explanation of nature, but rather as a 
concise statement, either verbal or symbolic, of a number of 
observable phenomena in a particular field of study. The science of 
mechanics (Chapter VII) offers an excellent example of the useful¬ 
ness of some of these generalizations. The engineer proceeds to 
use them as a basis for designing a bridge, engine, or skyscraper 
with the assurance that careful and accurate use of the laws will 
lead to success. 
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In the development of the subject of heat, certain laws were 
established very early, because the experiments that led to them 
suggested themselves almost immediately. The fact that nearly 
all substances, whether solid, liquid, or gaseous, expand when 
heated has at some time or other been observed by almost every¬ 
one, and hence the experimental laws of expansion were discovered 
as soon as definite units for the measurement of heat and tem¬ 
perature had been agreed upon. In this way many of the more 
obvious laws connected with the various aspects of the subject 
of heat were established. The next step, the development of a 
fundamental hypothesis or theory of heat, which would be in 
accord with all of the experimental laws, was taken much more 
deliberately. Early attempts at formulation of a theory were 
based on the assumption that heat was an invisible and weight¬ 
less fluid, which was possessed to a greater or lesser degree by all 
substances and which could be transferred from one body to 
another. Only a few of the experimental laws were in accord with 
such an assumption, and the ^^fluid'^ theory was given up when 
it was found that heat could actually be produced by rubbing two 
bodies together and that, furthermore, the amount of heat so 
obtained was determined only by the amount of work done 
against the force of friction. 

Our present kinetic theory of heat assumes that heat phenomena 
are intimately associated with the molecules or atoms of a sub¬ 
stance, and, as we have shown in a previous chapter, these are 
individually invisible to us. It must therefore follow that one of 
the fundamental postulates of the theory of heat cannot be verified 
by direct experiment. Despite this and other handicaps the 
theory has gained universal aca^eptance and has been remarkably 
successful in predicting the thermal characteristics of substances, 
particularly gases. The reason for the latter is that in gases the 
laws concerning the individual behavior of molecules are less 
complex than for either liquids or solids. For gases, one assumes 
that the molecules have certain properties, and then, by calcula¬ 
tion, deduces what the result would be if there were billions of 
them as in an ordinary sample of gas. In the end, the results of 
such a calculation can be checked by experiment. If the latter 
agrees with the predicted result then it seems reasonable to con¬ 
clude that the fundamental thermal and mechanical behavior 
which was assumed for the molecules was probably correct. 
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From the purely mechanical angle, the kinetic theory makes the 
following assumptions about the molecules of a particular gas: 

(а) the molecules are all alike; 

(б) they behave like small, perfectly elastic spheres of negligible size; 

(c) they are in very rapid motion, continually bombarding one an¬ 
other and the molecules in the walls of the container; 

(d) there are no appreciable forces of attraction or repulsion between 
the molecules of a gas. 

The above properties are ascribed to the molecules because we 
wish to apply to them the principles of mechanics which have 
been used so successfully in describing the behavior of larger 
objects. The second postulate states that the molecules behave 
like small elastic spheres, yet it is almost certain that if we were 
able to see a molecule ^ it would have no close resemblance to 
a miniature golf ball. Nevertheless, so far as its behavior is con¬ 
cerned the assumption of a spherical and elastic nature seems 
best suited to the molecule. On the basis of the postulates above 
mentioned, nearly all the important laws of gaseous behavior 
may be derived. 

Heat and Temperature 

As has already been hinted, our present theory of heat links 
the thermal characteristics of substances with their molecules, 
and in what follows we shall examine the relationship that is 
supposed to exist between them. But before proceeding, it may 
be well to inquire into the difference between heat and tempera¬ 
ture, two familiar qualities of matter. Nearly everyone can call 
to mind some practical differences between them. Thus if we 
pour a thimbleful of boiling water into a bathtub containing cold 
water, we know from experience that the change in temperature 
of the water in the bath will be minute. We associate high tem¬ 
perature with the water in the thimble but a large capacity for 
heat with the water in the bath. The capacity for heat ascribed 
to the latter is based on the knowledge that a large amount of 
heat is necessary in order to produce an appreciable change in 
temperature of this large amount of water. It follows also that 
the amount of water in a thimble must have a relatively low 
capacity for heat, since only small amounts of heat need be lost 


1 See footnote to p. 94. 
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or gained in order to alter its temperature appreciably. It is clear 
that capacity for heat depends upon the amount of material being 
heated or cooled, whereas temperature is independent of the bulk 
of material and is merely an intensity factor that determines 
which of two bodies will give up some of its heat to the other. 

The kinetic theory of gases supplies us with a picture that helps 
in understanding what is meant by heat and temperature. To 
see how the theory applies to these two ideas, let us suppose that 
we have two different gases enclosed in two vessels A and B, 
respectively (Fig. 1). Since the gases are dissimilar, the individual 
molecules in A will have a different mass from those in B, The 
kinetic theory postulates that the molecules in each vessel are in 



A B 


Fig. 1. SCHEMATIC REPRESENTATION OF THE MOLECULAR MOTIONS OF TWO GASES 

rapid motion and are bombarding one another; furthermore, 
those near the walls will at times strike the sides of the vessels as 
well.^ The average kinetic energy per molecule in vessel A will 
be where mi is the mass of a molecule in this vessel and 

Vi is the root mean square velocity (on account of collisions all 
the molecules will not have the same velocity). Similarly, we can 
write -hn 2 V 2 ^ for the average kinetic energy of a molecule in vessel 
B. Now if the temperatures of the two gases are to be the same, 
the kinetic theory postulates that the average kinetic energy per 
molecule in each vessel must be the same. In that case we can 
write imiVi^ == im 2 V 2 ^. This leads to the conclusion that if the 
gases were allowed to mix, then the average kinetic energy, or 
temperature, would still be the same. If one of the gases, however, 
has a higher temperature, ^.e., greater average kinetic energy per 
molecule, then, on mixing, it will increase the temperature of the 
other, reducing its own, until the average kinetic energy of all the 
molecules is same. In gases, at ordinary temperatures, this 
^^equalization’^ of kinetic energies or temperatures occurs rapidly 
because of the frequent collisions of the molecules. At each col- 

I It is this continual bombardment which produces the pressure of the gas on the inside 
walls of the vessel (p. 167). 
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lision, a molecule with higher kinetic energy may deliver some of 
it to one of lower energy. 

Heat, one of the known forms of energy, is so common and 
useful that one is apt to think that the term can be easily defined 
or, perhaps, easily explained in terms of some hypothesis. Actually 
this is not the case; to define exactly what is meant by the total 
heat in a body is at present still not possible. In practice, although 
we often speak of the ‘‘heat in a system'' (such as, for example, 
in a pot of boiling water or a heated radiator), what we really are 
referring to is not the total heat but some change in the heat con¬ 
tent that took place when the system was brought from one condi¬ 
tion to another. Heat can only be measured in connection with 
energy changes in a body. By the heat capacity of a body we do 
not mean its total heat energy but rather the amount of heat 
energy necessary to raise the temperature of the body through one 
degree. In terms of the molecules in a system, the addition of heat 
energy may result in: (1) increasing their average kinetic energy 
(increase in temperature), (2) increasing their average distance 
apart (doing work in expanding the system against such forces of 
molecular attraction as may exist), (3) increasing the potential or 
kinetic energies of the atoms or electrons inside the molecules. 
Only the first of these will interest us in this chapter,^ since the 
contribution in the latter two directions is small under most (dr- 
cumstances. We will consider heat as energy which is transferred 
as kinetic energy from the molecules of one body at a higher 
temperature to those of another at a lower temperature. When 
viewed in this restricted sense, the heat content of a substance is 
the sum of the kinetic energies of all of its molecules. 

In the foregoing paragraphs the postulates of the kinetic theory 
of gases have been used to picture the molecular processes asso¬ 
ciated with heat and temperature. In the main the ideas may be 
carried over to the liquid and the solid state, although here the 
picture can no longer be kept so simple because of the proximity 
of the molecules to one another and the consequent increase in 
importance of item (2) above. 

In practical work it becomes necessary to measure both heat 
and temperature. Since we cannot see and can only indirectly 
count individual molecules or measure their kinetic energies, 

^ The second effect and its connection with changes from one state to another (such as 
from the solid to the liquid) are considered on p, 209. 
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Boiling point y 
of water 


arbitrary ways of measuring heat and temperature have been set 
up. Some of these will be described below. It is rather unfor¬ 
tunate that different countries and professions cannot all agree 
on the same units of measurement. A common system would 
save both confusion and calculation. 

Scales of Temperature 

Temperature is usually measured on either the centigrade or 
Fahrenheit scale. In scientific work the centigrade system is used 
exclusively, but in engineering and home use the Fahrenheit scale 
is preferred in many countries, including our own. This has led 
to much confusion, but difficulties can 
be avoided if one remembers that the 
fixed points on both scales are the 
melting point of ice and the boiling 
point of water. The height to which 
the thread of liquid rises in a ther¬ 
mometer of the usual construction 
(Fig. 2) when immersed in an ice- 
water mush is marked as 0° on the 
centigrade scale or 32° on the Fahr¬ 
enheit. A similar mark is made when 
the thermometer is placed in steam 
above boiling water; this becomes 100° 
centigrade or 212° Fahrenheit. The 
distance between these fixed points is 
divided into equal intervals as shown, 
thus making 100 divisions on the 
centigrade scale equivalent to 180 
divisions on the Fahrenheit. The 
Fahrenheit division is smaller than 
the centigrade division in the ratio 
5:9. Fig. 2. corresponding tem- 

Since there are two scales in com- 
mon use, the problem often arises 

of converting readings on one scale to the other. Let us con¬ 
sider a practical example. We wish to convert 95°F to centi¬ 
grade. This is 95 - 32 = 63 degrees above the melting point of ice 
on the Fahrenheit scale. Hence the distance Ai? is 63 degrees on 
the Fahrenheit scale or equivalent to f of 63 = 35 degrees on the 
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centigrade scale. Therefore the temperature is 35°C.* Suppose 
that it had been required to convert 35°C to Fahrenheit. We 
would reason as follows: From ^ to 5 is 35 centigrade divisions 
or I of 35 = 63 divisions on the Fahrenheit scale. These divisions 
added to 32 (since the Fahrenheit reading is 32 when the centi¬ 
grade is zero) make the actual reading 95°F. 

Various types of thermometers have been devised, based on 
the arbitrary temperature scales mentioned; of the.se, the mercury 
in glass variety is the most common. It employs the uniform ex¬ 
pansion of mercury with increa.se in temperature (p. 204) as a 



Fig. 3. a thermostatic or bi-metallic strip which changes its shape with 

INCREASE IN TEMPERATURE 
Metal A expands more than metal B. 

means of measuring the latter. Other liquids, suiih as alcohol and 
pentane, are used for measuring low temperatures at which 
mercury would freeze (freezing point = — 39°C). The upper 
limit of temperature that can be measured with such thermome¬ 
ters depends upon the quality of the glass used; the latter should 
not soften too readily as the temperature is raised, nor should it 
fracture when under pressure from the liquid within. The practi¬ 
cal limit for mercury in glass thermometers is 550°C. Metal 
thermometers (Fig. 3) are found often in thermostats intended to 
regulate the temperature of a room or building. They employ a 
bimetallic strip made by joining two metals having unequal ex¬ 
pansion. Change in temperature causes a distortion or bending 
of the strip, which, being proportional to the change, allows the 
temperature to be measured. 

Measurement of Heat 

An arbitrary method is also adopted for the measurement of 
heat. Experience shows that unless a change of state is taking 

^ The procedure can be symbolized as follows: C « f (F — 32) or F = |C 4- 32, but this 
purely mathematical method is not recommended because of the chance for error in re¬ 
calling these formulae and also the loss of insight into the underlying physical principles. 
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place in a substance {e.g., in melting), the addition of heat always 
increases the temperature of the substance. Consequently for 
practical work a unit of heat called the calorie has been chosen, 
which is by definition the amount of heat necessary to raise the 
temperature of 1 gram of water 1 degree centigrade (from 14.5'" to 
15.5°) This definition, it will be noticed, does not involve 
measurement of the absolute motion or energy of molecules but 
introduces a perfectly definite and reproducible amount of heat.^ 
Two other useful definitions are: (1) The heat capacity (p. 150) 
of a sample of material is the amount of heat necessary to raise 
the temperature of that sample through 1 degree; the units are 
calories per centigrade degree (metric system) or British thermal 
units per Fahrenheit degree (English system); (2) The specific 
heat is the heat capacity per unit mass of a material, ?‘.e., it is 
the number of calories needed to raise the temperature of 1 gram 
of a substance 1 centigrade degree or the number of BTU\s neces¬ 
sary to raise the temperature of 1 pound of a substance 1 Fahren¬ 
heit degree. The letter S will be used to designate specific heat in 
the problems of this chapter. 

Example. (Calculate the amount of heat necessary to raise the temperature of 
500 grams of aluminium {S — 0.2) from 20'^F to 83°F. 

Solution. First convert the temperature difference to centigrade. The tem¬ 
perature rise is G3 Fahrenlieit degrees, or ^ of 63 = 35 centigrade degrees. The 
specific lieat is 0.2 calories/gram/°C; and, conseciuently, for 500 grams we need 
500 X 0.2 calories for one degree increase in temperature or 500 X 0.2 X 35 
= 3500 calories for a 35° ris^. In general, we can write: Heat == mSih — t\) 
calories, remembering that the mass m must be in grams if the specific heat S 
is given in calories/gram/°C and the difference in temperature {k — ^i) is in cen¬ 
tigrade degrees. 

The very fact that one object A has a higher temperature than 
another B does not necessarily mean that the former required 
more heat to bring it to this higher temperature. Of course, if 
the two bodies are made of the same material, and A is larger 
than B, then it would be true that A required more heat than B, 
not only because of the larger mass but also because of the higher 

1 This unit is termed the 15® calorie. Since the amount of heat for a one-degree change 
varies slightly at different temperatures, the average value between 0°C and 100°C is 
frecjfuently used and called the mean calorie. The difference between the 16® calorie and the 
mean calorie is of the order of 1 part in 1000 and is negligible for most heat measurements. 

* There is another unit called the British thermal unit (BTU), which is the amount of heat 
necessary to raise the temperature of 1 pound of water 1 Fahrenheit degree. 
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temperature. Mass and temperature are, however, only two of 
the factors which affect the amount of heat required. The third, 
as can be seen from the equation given in the solution above, 
involves the type of material, more directly its specific heat. If 
an object has a small specific heat, it does not require as much 
heat to produce the same rise of temperature in it as is required 
by another object having the same mass but a larger specific 
heat. For example, it requires 10 calories of heat to raise the 
temperature of 10 grams of water 1 centigrade degree; but only 
1 calorie, approximately, is necessary to increase the temperature 
of 10 grams of copper 1 centigrade degree. 

Many interesting applications of the above relationship are 
found in nature. The moderating effect which large bodies of 
water have on the climate and temperature on the surface of the 
earth is well known. This is largely to be ascribed f o the rela¬ 
tively high specific heat of water, which makes it possible for 
large amounts of heat to be absorbed or given off without marked 
change in temperature. In secitions of the country not close to 
water the situation is different. When this land loses its accumu¬ 
lated heat at the end of a day or, even on a larger scale, at the 
end of the summer season, its temperature falls sharply on account 
of the small specific heat of rocks and soil. If in both cases the 
same amount of heat is lost by radiation, the climate on the land 
near large bodies of water is much more uniform, since the smaller 
temperature changes over the water tend to reduce the larger 
changes which would exist over the adjoining land. In the table 
of specific heats of some of the common materials, given below, 
it will be seen that, with the exception of gaseous hydrogen, water 
in the liquid state has the highest specific heat. 


TABLE OF SPECIFIC HEATS 

(Units can be either metric or British. Values given are for room temperature.) 


Water (liquid) 

1.00 

Calcite 

0.20 

** (steam) 

0.42 

Glass 

0.18 

“ (ice) 

0.46 

Granite 

0.19 



Hematite 

0.16 

Aluminium 

0.22 

Limestone 

0.21 

Brass 

0.088 

Quartz 

0.19 

Copper 

0.094 



Iron 

0.115 

Air 

0.238 

Ivcad 

0.031 

Hydrogen 

3.4 
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The usual experimental method for determining specific heats 
will be illustrated by an example: Suppose it is required to find 
the specific heat of lead and that we have a block of this metal 
available which weighs 850 grams. The block is heated to a 
known temperature, usually 100°C. This is a convenient tempera¬ 
ture to choose because the block can be placed in the steam above 
water boiling under normal atmospheric conditions, in which case 
its temperature is 100‘^C. Next a vessel, called a calorimeter, is 
partially filled with water at room temperature and the mass of 
the water as well as its temperature ascertained. The heated lead 
is then quickly transferred to the calorimeter, and the rise in 
temperature of the water is measured as soon as the lead and 
water have reached the same temperature. On the assumption 
that all the heat lost by the lead has been transferred to the water, 
it is possible to calculate the specific heat iSpb of the lead in the 
following way: 


Let: the mass of the water = 377 grams 

the original temperature of the water = 19®C 
the final tcanperaiure of the water = 24°C 
the mass of the lead = 850 grams 
the original temperature of the lead = 100°C. 

Then the heat taken in by the water [// = rnSih — ^i)] was 377 X 1 
X (24 — 19) = 1885 calories. But this lu^at came from the lead and must 
have been 850 X Spb X (100 — 24) calorics, which is the heat lost by 
the lead in cooling from 100° to 24°C. 

Hence we can write: 850 X aSpu X 76 = 1885 calories, which means 


Spb 


1885 

850 X 76 


0.031 calories per gram per degree C. 


The Mechanical Equivalent of Heat 

The two aspects of mechanical energy, namely, potential and 
kinetic energy (Chapter VHI), and their interconvertibility were 
fairly well understood by the end of the seventeenth century, 
principally because of the pioneer work of Newton. We have 
seen that these forms of energy were defined and measured by 
him in terms of the amount of work which they could do. Scien¬ 
tists soon thereafter began to wonder how the other rather ob¬ 
vious forms of energy (heat, light, sound, electricity, etc.) were 
related to mechanical energy. Heat energy coming from the sun 
and other sources is usually not changed directly into a mechani¬ 
cal form, and thus the relationship between it and mechanical 
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energy or work was not easily established. The thought was 
expressed that heat might be produced by the motion of the ulti¬ 
mate parts or molecules of the matter of which bodies were built. 
Thus the two concepts of energy and motion were linked once 
again. 'Such ideas were in the mind of Count Rumford ' (Benja¬ 
min Thompson, 1763-1814) while he was supervising the boring 
of cannon by means of a steel tool pressed against the revolving 



barrel. He was impressed with 
the great amount of heat pro¬ 
duced in the tool and in the 
steel chips which came flying 
off, but he was not satisfied 
that the then prevalent ca¬ 
loric (or fluid) theory of heat 
could account for so much of 
it. It seemed more reasonable 
to assiune that the heat was 
produced because the force of 
friction was acting on the 
molecules of matter and that 


DETERMINATION OF THE 
EQUIVALENT OF HEAT 


MECHANICAL work was being done to over¬ 
come this force of friction. 


After many experiments he concluded that the latter view was 
correct, that it was really the work being done which produced 
the heat. 


The exact relationship between the units of heat (calories) and 
of work (ergs) was determined by an English experimenter, 
James Prescott Joule (1818-1889), who made it his life’s work. 
His method consisted in doing work by stirring up water and then 
noting the heat produced. A simplified cross section of the device 
he used is shown in Fig. 4. The weight M, in falling, will rotate 
the paddles and stir up the water with a resulting generation of 
heat. The amount of heat can be calculated from the known 


mass of water, its specific heat, and the rise in temperature. The 
mechanical work, on the other hand, is calculated from the po¬ 
tential energy of the falling weight (p. 142). The experiment 
thus enables one to find how much heat energy is equivalent to 
a certain amount of mechanical energy. Repetition of the experi- 


* A native of Massachusetts who became a world figure through his contributions to 
science and politics abroad. 
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ment proves that there is a constant relationship, called the 
mechanical equivalent of heat, between these two forms of energy. 

In order to obtain a high degree of accuracy in his work, Joule 
found it necessary to make allowance for many losses of the origi¬ 
nal mechanical energy which did not show up as a rise in tempera¬ 
ture of the water. We will mention only a few. The weight, in 
falling, reaches the floor with a definite velocity, which represents 
kinetic energy, and correction had to be made for this loss. Fric¬ 
tion at the pulleys and string, as well as noise made in running, 
used up some of the original mechanical energy. Then, in meas¬ 
uring the heat produced, it was necessary to take into account 
that not only the water but the whole vessel took up heat. Finally, 
as a climax to these difficulties. Joule found that the rise in tem¬ 
perature was only a very small fraction of a degree. No accurate 
thermometers were available in those days, and it became neces¬ 
sary for him to construct and calibrate his own. 

The value which we accept at the present time for the mechani¬ 
cal equivalent of heat, and which incorporates the results of many 
investigations conducted after the pioneering work of Joule, is: 

1 calorie = 4.18 X 10' ergs = 4.18 joules. 

This relationship is of great practical value to the heat engineer. 
For example, it enables him to calculate how much work he can 
expect from an engine for a given heat input, giving due considera¬ 
tion, of course, to the efficiency of the engine (p. 140). Reversing 
the procedure, he may calculate the efficiency by measuring the 
heat input and the work output and converting the latter to heat 
units through the known value of the mechanical equivalent of 
heat. 

Transformation and Conservation of Energy 

The experiments of Joule show that mechanical energy and 
heat are very definitely related and that a conservation of energy 
exists; what is lost on the one hand is gained on the other. One 
must not form the opinion that these two kinds of energy are the 
only ones which have this mutual equivalence. The relationship 
was most easily demonstrated in their case because each of them 
could be identified and measured over a century ago. Since then, 
many other forms of energy have been shown to be intercom 
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vertible, and their equivalence factors have been determined by 
experiment. With respect to the many complicated cases of 
energy conversion which occur in our daily lives (electrical, 
chemical, physiological, etc.), in which it is not always possible 
to put one’s finger on the exact location and manner of the change, 
scientists are nevertheless of the opinion that an equivalence 
prevails; i.c., the law of conservation of energy holds true no 
matter what form a change in energy takes. Their belief in this 
principle is strengthened by observations of processes which occur 
remote from our own world, such as the motions of the planets 
and even galaxies millions of light-years away. Even if one in¬ 
cludes under energy the most recent addition to the energy 
family, namely, mass, one can state that up to the present no 
single exception has been found to this universal principle of 
conservation. 

One additional important point should be noted in connection 
with energy changes. It is true that the energy content of the 
universe as a whole should remain constant, since all transforma¬ 
tions which take place involve simply a change from one form of 
energy to another. However, the amilability or usefulness of this 
energy does not remain constant, since no process or machine 
which we can devise is frictionless. Whenever friction comes into 
play, some of the energy is changed into heat which is not useful 
(in the ordinary sense), and for this reason the amount of useful 
or available energy in the universe is decreasing. As long as we 
believe in these two principles of energy change (the law of con¬ 
servation of energy and that of the availability of energy), the 
making of a ‘^perpetual motion” machine must be definitely 
excluded from the realm of possibility. Friction seems to be 
always present in man-made machines; and even if, in a par¬ 
ticular case, it were not, the energy which one would derive from 
such a machine would have to be supplied from some other source 
of energy in such a way that some of it would be changed into 
unavailable form. 

This section should be concluded with the statement that these 
two laws of energy transformation have recently been laid open 
to some doubt because of certain information obtained from 
studies of the cosmic rays coming from outer space. At present 
we are loath to give up the law of conservation of energy, since 
the assumption of a condition of energy balance has been one of 
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the strongest tools in the hands of scientists in the recent past. 
However, the question must be approached with an open mind 
and, should sufficient evidence be presented to disprove these 
time-honored laws as we now state them, they will be modified 
accordingly, as has been true of a number of our fundamental 
“laws’^ in the past few decades. 

EXERCISES 

1. Why should the temperature ratlicr than the heat content be a better 
criterion of the condition of a person\s health? 

2. If the postulates of the kinetic theory are at some time in the future found 
not to be correct in every detail, will that invalidate the theory? Explain. 

3. Is the specific heat of lead shot the same as for lead in sheet form? Explain. 

PROBLEMS 

1. The normal temperature of the human body is 98.0°F. What will this tem¬ 
perature be if a centigrade thermometer is used, and how much will the latter 
temperature rise if a person has a ^Tever’^ of 104°F? 

2. Convert the following temperatures: 

20°C, -30"C, 100°C to the Fahrenheit scale, and 

32‘^F, 20°F, 180°F, — 80''F to the centigrade scale of temperatures, 

3. What temperature will give the same reading on both the centigrade and 
Fahrenheit scales? 

4. Will 500 grams of iron require more or less heat than 500 grams of copper to 
raise its temperature from 20°C to the boiling point of water? How much will the 
difference be? 

5. What will be the change in temperature if 1500 calories of heat are supplied 
to 1 liter of water? (Note 1 cc of water has a mass of 1 gram.) 

6. How many calories of heat are necessary to bring the temperature of the 
water in a tea kettle from room temperature (20°C) to the boiling point? Assume 
the kettle is made of aluminium weighing 500 grams and holds 2000 grams of 
water. 

7. If the heat value of the gas used for fuel in the previous problem is 5000 
cal /ft®, calculate the cost of bringing the temperature of the water to the boiling 
point if the gas costs SI.00 per 1000 cu ft. 

8. In Joule’s experiment on the mechanical equivalent of heat, suppose that 
the mass ill = 10 kilograms and the height it fell was 5 meters, how many calories 
of heat would be produced in the water if there were no losses? What would be 
the rise in temperature if the water had a mass of 1000 grams? Disregard the fact 
that the walls of the vessel and the paddles will absorb some of the heat. 

9. An automobile of mass 3000 lbs is travelling 60 miles per hour, (a) How 
much kinetic energy does it possess? Express your answer in ergs and joules. 
(b) If the brakes arc all applied evenly (4-wheel brakes) and so that no skidding 
takes place, how many calories of heat will be produced at the brake drum of each 
wheel while the car is being brought to rest? 
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ESSAY TOPICS 

(a) The kinetic theory of gases. (c) The determination of the mechanical 

equivalent of heat. 

(b) Types of thermometers. (d) fleat as a source of power. 
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Chapter X 


The Physical Behavior of Fluids 


The general ideas of heat and temperature which have been 
developed in the previous chapter apply to material substances 
in all their various forms, whether they be solid, liquid, or gaseous. 
It is true that there have to be many additions to, and modifica¬ 
tions of, the kinetic theory in order to have it apply to all of them. 
In many cases experimental laws connecting heat, temperature, 
and molecular behavior have been established, although it is not 
at present possible to explain them fully on the basis of the kinetic 
theory. In this chapter we wish to study some of these laws and 
then see just how far one can go in applying the kinetic theory 
to them. We shall confine our discussion to fluids, which is the 
general term used to include liquids and gases. Solids will be 
considered later (Chapter XII), for the reason that the laws de¬ 
scribing their behavior differ considerably from those for fluids, 
and this is largely because solids possess rigidity and do not flow 
when under the influence of small forces. 

Measurement of Physical Properties 

Three physical properties that are important in the study of 
fluids are temperature, volume, and pressure. In connection with 
the first of these, the ordinary scales for measuring temperature 
(centigrade and Fahrenheit) have already been discussed (p. 151). 
In this chapter it will be necessary to introduce another scale 
called Absolute temperature. Once having decided on the scale 
to be used in the measurement of temperature, it remains only 
to choose a convenient type of thermometer for the job at 
hand. 

The method of measuring the volume of a fluid depends upon 
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whether it is a liquid or gas. For vessels of ordinary size a gas 
fills the vessel, i.e., it diffuses to all parts of the vessel and dis¬ 
tributes itself uniformly throughout, whereas a liquid may or 
may not fill the vessel. There should be no difficulty in measuring 
the volume of a gas or liquid. The volume of a gas will be the 
same as the whole inner volume of the container, whereas the 
volume of a liquid will be the same as the inner volume of 
the container from the bottom up to the free surface of the 
liquid. 

The measurement of pressure introduces ideas which are not 
quite as commonplace. First, let us be sure that we agree on 
what is meant by pressure. Consider the book and the glass of 
water resting on the table (Fig. 1). The book, the glass, and the 
water are being pulled downwards by the Earth’s attraction for 
them and, were it not for the table being in the way, we know 
from experience that the book and the glass 
of water would follow this downward pull. 
The table supplies the necessary upward 
force to keep the book and glass at rest on 
it. When we say that the book is exerting a 
downward ■pressure on the table, we do not 
mean the total downward force exerted by 
the book but only the downward force per 
unit area. This is obtained by dividing the 
total force by the area A of the book which 
is in contact with the table. In the same way 
the pressure of the water on the bottom of the glass is the total 
downward force of the water divided by the area a of the bottom 
of the glass. There exists then a clear distinction between force 
and pressure, the latter being defined as the normal {perpendicular) 
force exerted on unit area. 

Before leaving the definition of pressure, let us look into the 
question of units. In scientific work the unit of pressure which is 
nearly always used is the dyne per square centimeter.. This is the 
fundamental unit for pressure in the CGS system. Engineers in 
English-speaking countries have become accustomed to using 
pounds per square inch as their unit for pressure. No particular 
difficulty should be experienced, however, in the use of the proper 
units, because the names themselves suggest which unit is being 
used for the force and which for area. 



Fig, 1. THE HOOK 
AND THE WATEK EXERT 
A DOWNWARD PRES¬ 
SURE ON THE TABLE 
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Laws concerning Pressure in Fluids at Rest (Hydrostatics) 

In dealing with the laws relating to fluid pressure, we shall 
establish them first for liquids and then carry them over directly, 
or with modifications, to gases. 

Law 1 : The pressure at a point in a liquid at rest is the same 
in all directions. For example, in Fig. 2 the pressure at A is the 
same in all the directions shown. 

Law 2: In a continuous fluid at rest, the pressure at points 
having the same level is the same. In Fig. 2 the pressures at A 
and B are the same, since these points are at the same level. 

Law 3: If a point is at a distance h below the free surface of a 
fluid, then the pressure produced by the 
fluid at that point is h X d X Qy where d 
is the density and g is the acceleration of 
gravity. Referring to Fig. 2, it will be 
seen that as the point in question in¬ 
creases in depth, the pressure increases 
proportionally. Furthermore, the denser 
the fluid, the greater the pressure be¬ 
comes. The product hdg is easily ob¬ 
tained if we calculate the downward pull 
of gravity on a column of liquid of 


: h 

A. 


/jv 


Fig. 2. the pressure 

AT VARIOUS POINTS IN A 
LIQUID 


height hy having for its base unit area around the point A. 
result will be an attractive force = hdg. 


The 


Let us calculate the pressure at the bottom of the ocean at a place 
We shall obtain the answer in both the metric 


Example. 

where its depth is 2 kilometers, 
and English systems of units. 

Metric (CGS) 

depth = 2 km = 2000 meters 
= 200,000 cm 
= 2 X 10^ cm 
density = 1.026 grams/cc 

acceleration 

of gravity = 980 cm/sec^ 
hence, 

pressure ~ (2 X 10^) X (1.026) X 980 
= 2.10 X 10® dynes/sq cm 


English {EPS) 

depth - 2 X 1/1.609* X 5280 ft 
= 6570 ft 

density = 1.026 X 62.43t Ibs/cu ft 
= 64.0 Ibs/cu ft 
acceleration 

of gravity = 32 ft/sec* 
hence, 

pressure = 6570 X 64 X 32 
= 4.2 X 10® Ibs/sq ft 
= 2920 Ibs/sq in 


* 1 mile a* 1.G09 km. , • .r , /.i, r 

t For equal volumes of each, sea water is 1.026 times heavier than pure water (the ratio 
is called the specific Krayity). Since 1 cubic foot of pure water weighs (52.43 pounds, a cubic 
foot of sea water will therefore weigh 04.0 pounds. 
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Law 4, Pascal’s Law: In a closed vessel an increase in pressure 
is transmitted equally throughout a fluid and in all directions. 
This law, which bears the name of a brilliant French philosopher 
and mathematician (1623-1662), will best be illustrated by 
considering a very important practical application—the hydraulic 
press or lift. Usually this takes the form of a small and a large 
piston operating in a continuous fluid (Fig. 3). Increasing the 
pressure by exerting a force / at the small piston enables one to 


Total upward 
force = F 




i 1 ' Lr. - rf— 


Mi Area A=nR^ 


- -R- -H 


Id Area a = nr^ 


Fig. 3. pascal’s law—the principle of the hydraulic press 


exert a much greater force F at the large piston. Let us assume 
that the pressure at the small end be increased by an amount p. 
This increase in pressure will be transmitted equally throughout 
the fluid (Pascal’s law) so that the iiurreased force on the small 
piston f — p y. a {a — area of small piston in contact with fluid) 
will produce on the large piston an increase of force F = p X A 
{A = area of large piston in contact with fluid). By dividing the 
one expression by the other we see that F jf = AI a, which means 
that the applied force / is multiplied by the ratio of the areas of 

A 

the two pistons (since F = — X /). Many practical applications 

a 

of this law exist. Anyone who has stepped on the hydraulic 
brake pedal of cars using this system realizes how small a force 
is necessary at the small piston (or brake pedal) in order to exert 
a large force on the brake bands. Furthermore, the pressure is 
transmitted equally to all wheels, a matter of importance for 
straight driving. The ease with which a hydraulic lift elevates a 
heavy automobile is another illustration of a small force applied 
over a small piston being multiplied many fold \mder a larger one. 

Law 6, Archimedes’ Principle: This law has to do with the 
question of floating objects and those totally immersed in fluids. 
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B = Buoyant force 


II 


The principle states: Any object partly or wholly immersed in a 
fluid is buoyed up by a force equal to the weight of the displaced fluid. 
This principle is easily mastered if we think of the forces acting 
on the floating or submerged ob¬ 
ject, e.g.j the ship in Fig. 4. There 
are only two. First, there is the 
downward force of gravitational 
attrafdion TF, always present, 
fixed in amount, and depending __ 
upon the mass of the object, z z z: 

This force may be imagined as 

acting at the center of gravity c, - 

The other force B, first men-__ 

tioned by Archimedes (Greek phi- - - ~ 
losopher, 287-212 b.c.), depends * “ “ 
upon the amount of fluid dis- “ " ‘ w = mg 

placed by the object and thus var- forces acting on a float- 

ies with the extent to which the 

object is immersed. This buoyant force is equal to the weight of 
the displaced fluid and may be imagined as acting at the center 
of buoyancy a. A ship automatically adjusts its buoyant force so 
that it remains equal to W, As the ship is loaded and the down- 
B B B ward force W increases, the up- 




having a density of 37.4 Ibs/cu ft (or 0.6 g/cc). Consider that the average weight 
of a person is 150 lbs (or 68 kg) and that the raft is in fresh water having a density 
of 62.4 Ibs/cu ft (or 1 g/cc). 


Solution. There will be tliree types of forces involved: ^ 

(a) the downward force of gravitational pull on the three logs 31F. Since the 

^ Note especially the proper use of units when working in either the metric or English 
system of units. 
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weight of a log is not given directly, it must be calculated from the volume and 
density of the wood: 

English Metric 

3TF = 3 X 7r(0.5)2 X 12 X 37.4 lbs 3Tf = 3 X 7r(15.25)2 X 366 X 0.6 g 

= 1060 lbs = 482,000 g 

(6) the upward buoyant force on the logs This, according to the law of 
Archimedes, is equal to the weight of the displaced water. If the logs are assumed 
to be just awash, as in the figure, then the buoyant force is: 

English Metric 

3B = 3 X 7r(0.5)2 X 12 X 62.4 lbs 3J5 = 3 X 7r(15.25)2 X 366 X 1 

= 1770 lbs == 803,000 g 

(c) the downward force of gravitational pull on the people standing on the 
float. If there are x people, then this downward force will be: 

English Metric 

a: X 150 lbs x X 68,(X)0 g 

The value which we will find for x will be the maximum number of people; any 
number greater than this would require a greater buoyant force, and since the 
logs are already immersed, additional force cannot be supplied. 

For equilibrium the upward and downward forces must balance. Equating the 
upward and downward forces in the example, we have: 

English Metric 

1060 lbs 4- 150a: lbs = 1770 lbs (4.82 -f 0.68x) X 10' g - 8.03 X 10' g 

'or X = 4.73 or x == 4.73 

Hence, the raft is safe for four persons, but five would cause it to sink. 

Thus far the laws of hydrostatic pressure have been stated with 
particular regard to liquids. The pressure in gases can be con¬ 
sidered to be the result of two causes. The first of these ascribes 
the observed pressure to the rapid movements and the large 
number of collisions between the molecules of the gas and the 
sides of the container. Just as a rapid succession of machine gun 
bullets fired at a target will produce almost a steady force on it, 
so these molecules, moving with very high velocities and colliding 
with the walls millions of times every second, are capable of 
producing large pressures in spite of their small mass. Calculation 
shows that in the case of oxygen gas at ordinary temperature the 
molecular speed is about 1000 miles per hour. Since these mole¬ 
cules under normal conditions travel only a distance of approxi¬ 
mately 6 X 10“® cm between collisions, the number of impacts 
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made by a molecule reaches the incredibly large value of lO"* 
per second. Although each molecule weighs only 5.3 X 10"“® g, 
still, since about 10'“ molecules hit each square centimeter of the 
wall of the container in each second, it is believed that these large 
numbers, travelling with such great .speeds and making so many 
collisions every second, acc^ount for the ob,served pressure of the 
gas. In the case of oxygen, or any other gas under ordinary condi¬ 
tions, this pressure is capable of holding up a weight of 1 kilo¬ 
gram (2.2 lbs) on an area of 1 sq cm. . 

The other cause for pres.sure in a gas is the actual weight of 
the molecules themselves acting on those below,' due to the 
force of gravitational attraction. Unless the gas is very dense, 
however, and of great depth, the effect is negligible. The most 
important case in which this effect does play a prominent part is 
the pressure produced by the weight of the atmosphere on the 
Earth’s surface. The atmosphere probably extends some 500 
miles upward, with the result that at the surface of the Earth we 
have a pressure of 14.7 lbs on each sq in. 

The five laws governing the pressure in liquids apply as well 
to gases, whenever one includes this pressure effect due to gravi¬ 
tational attraction. For example, the buoyant effect on balloons 
is calculated just as if the balloon were immersed in a liquid (in 
this case, of course, the fluid is the air). The atmosphere’s own 
pressure is primarily due to the gravitational pull of the Earth 
on the air molecules, there being in this case no enclosing vessel; 
and it is best to consider the atmosphere as a fluid with an upper, 
free surface, even though the latter is probably not sharply 
defined. However, when dealing with gases in closed vessels, the 
pressure difference in the upper and lower parts of the vessel due 
to the gravitational attraction on molecules is negligible for any 
vessels of practical size. In such vessels the pressure is considered 
to have the same value at all points and to be due to the first 
factor mentioned above. 

Measurement of Gas Pressure 

An indirect yet commonly used method for measuring gas 
pressures makes use of the barometer, an invention of Toricelli, 
who was a student of Galileo (p. 110). In order to understand the 

1 It ia of course true that this force is also transmitted from one molecule to the next by 
molecular bombardment; however, this cause for pressure is primarily duo to the presence 
of the Earth, whereas the former cause is independent of the Earth’s proximity. 
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principle of operation of this instrument, let us consider its con¬ 
struction and then its use in measuring the pressure of the air. 
A long glass tube (Fig. 6) is filled completely with a liquid and 

then inverted in a bowl of the same 
liquid. The liquid in the tube will fall 
only to a certain height h, depending 
upon the density of the liquid used and 
the pressure of the atmosphere. If water 
is used in the tube the height is about 
34 feet, whereas mercury, which has a 
density 13.6 times that of water, will drop 
to about 30 inches. Due to the method 
of making the barometer, an almost com¬ 
plete vacuum exists above the liquid in 
the tube. Using the laws of hydrostatics 
as a basis, the behavior of the instrument 
may be analyzed as follows: Consider 
the two points A and B (Fig. 6), which 
are chosen at the same level and in the 
same medium (mercury). The point A 
which is chosen on the mercury surface 
has acting on it a pressure H due to the 
atmosphere on the upper side of this free 
surface. The two points A and B are 
connected by the mercury in the dish, 
and consequently the pressure at A must 

acting on the mercury in the equal to the pressure at B (Law 2). 
open vessel supports the col- . . . n-i,,. 

umn of mercury in the closed Consider now an imaginary thin sheet oi 

mercury of unit area placed horizontally 
around the point B. This small sheet will be acted on from 
above and below by forces which keep it in equilibrium. The 
force pushing down on the upper surface of this thin sheet is due 
to the column of mercury of height h inside the tube, and it is 
equal to hdg (Law 3). Supporting this small sheet from the lower 
side must be the force in the liquid produced by the pressure H, 
which is the same as at A. Since the imaginary small sheet of 
mercury is in equilibrium, the pressure of the atmosphere H is 
capable of supporting a column of mercury h inside the tube, and 
hence we can measure this pressure in terms of the height of the 
mercury in the barometer tube {H — hdg). 


Atmospheric 

pressure 


Fig. 6. a mercury baro¬ 
meter 

The pressure of the air 
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Thus far we have used the barometer only for measuring the 
pressure of the atmosphere. The same principle can, however, be 
easily adapted to measure the pressure of gases in vessels, such as 
shown in Figs. 7(a) and 7(6). These two pressure-measuring 
devices are referred to as open- and closed-tube manometers, 
respectively. Reference to these diagrams will show that in 
Fig. 7(a) the pres.sure of the gas in the vessel is P = P„ -f hdg, 
where Pa represents the atmospheric pressure and h the difference 
in the levels of the two tubes. The value of h can be or —, 



Fig. 7. an open and a closed manometer 


depending upon whether the right-hand level is higher or lower 
than the left. Figure 7(6) shows a closed-tube manometer, the 
section above the liquid in the closed tube on the right being evac¬ 
uated. The manometer shows that the pressure exerted by the 
gas in the vessel is simply: p = hdg since, in this case, the atmos¬ 
pheric pressure cannot exert its effect on the liquid in the right- 
hand tube. 

There is one other form of barometer, the aneroid, which is 
based on an entirely different principle (Fig. 8). A partially 
evacuated box with a corrugated lid B has a light lever attached 
to its upper surface. The latter is very flexible, and any small 
movement is magnified by the pointer arrangement. An increase 
in atmospheric pressure causes the box to contract; this produces 
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a downward movement of the cover and a corresponding move¬ 
ment of the pointer over the scale which is calibrated in pressure 
units. A decrease in pressure would allow the box to expand, 
thus moving the pointer in the opposite direction. The instru¬ 
ment is not an absolute measurer of pressure, since it must be 



Fig. 8. the principle op an 

ANEROID BAROMETER 


calibrated by comparison with a 
mercury barometer of the type 
we have described. Its portability 
and sensitivity are the impor¬ 
tant features which recommend 
the aneroid barometer. It is used 
extensively, particularly in aero¬ 
planes and mountain-climbing, 
as an altimeter for measuring 
high altitudes. In this case it is 


necessary to know how the pressure varies with altitude, a matter 


which has been determined empirically. 


Pressure-Volume Variation in Gases 

Although gases as well as liquids are included under the general 
heading of fluids, there are a number of rather simple laws which 
refer only to gases. They concern the interrelation of pressure, 
temperature, and volume, three of the most important charac¬ 
teristics of any sample of matter. The discovery of these laws is 
an excellent illustration of the empirical method in science, by 
which generalizations are obtained inductively from a series of 
experiments (p. 6). Since the pressure, temperature, and vol¬ 
ume of a gas vary conjointly, the methods of experimentation 
also illustrate the common scientific expedient of keeping all but 
two variables “under control” while the relationship between the 
two in question is studied. Due to the fact that temperature 
change alone may cause the volume of a gas to alter, it is neces¬ 
sary, in order to test the dependence of volume on the pressure of 
a gas, to design the experiment in such a way that the tempera¬ 
ture does not change during the course of the observations. 
Experience with bicycle pumps and the hke tells us that increas¬ 
ing the pressure on a gas in a vessel makes the volume smaller. 
An apparatus designed to find out the exact relationship between 
pressure and volume is shown in Fig. 9. The gas to be tested is 
enclosed in a long glass tube (shown at the left in the figure) 
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Gauge 


Gas 4) 




Oll-t 


Pressure 


which is calibrated in cubic centimeters for convenience. Oil fills 
most of the remainder of the apparatus, thus confining the gas 
and also transmitting to it a pressure 
which is produced by pushing down on 
the small piston shown in the right-hand 
tube. The pressure is measured on a gauge 
operated by the same oil (middle tube). 

The volume of the confined gas is then 
read accurately for the various pressures 
applied by the piston and measured by 
the gauge. All these measurements are 
made with the gas at (*onstant tempera¬ 
ture for the reason already mentioned. 

The results of such experiments can 
be summarized in several ways. Robert 
Boyle (1662), one of the first to work 
along these lines, gave as his conclusion: 

The pressure of a gas varies inversely as 
the volume if the temperature remains con¬ 
stant. This is usually referred to as 
Boyle’s law. The law can also be stated 
in the form; The product of the pressure 
and volume of a gas is a constant if the 
temperature remains the same. The 
figures given in Table I show how one 
arrives at this result. Columns 1 and 2 represent the experi¬ 
mental data (somewhat idealized) which one might obtain with 
the apparatus shown in Fig. 9. 


"Oil 


Fig. 9. boyle’s law 

APPAKATUS 


TABLE \ 

VARIATION IN PRESSURE AND VOLUME OF A SAMPLE OF GAS 


Pressure p 
{Ihsjsquare inch) 

Volume V 
{cubic inches) 

P X V 

1 

volume 

10.0 

4.80 

48.0 

0.208 

15.0 

3.21 

48.2 

0.311 

20.0 

2.41 

48.2 

0.415 

25.0 

1.925 

48.3 

0.520 

30.0 

l.Ol 

48.2 

0.621 


From the table one sees that when the pressure is doubled the 
volume is halved, or, more generally, that the volume varies 
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inversely with the pressure (columns 1 and 4). From column 3 
it is evident that this same fact can be expressed by saying that 

the product of the pressure and volume is 
constant: 

pv = k (if T = constant) 

where p stands for pressure, v for volume, 
T for temperature, and k represents a 
constant (p. 19). When using several 
different gases and improved forms of the 
above type of apparatus, it was found 
that some gases, such as hydrogen, 
followed Boyle’s law very closely, whereas 
others, such as carbon dioxide and am¬ 
monia, deviated considerably from the 
behavior stated in the law. Those which 
conform closely to the law are often re¬ 
ferred to as ^^pcrfect gases.” For ordinary 
purposes, when extreme accuracy is not 
necessary, one assumes that all gases con¬ 
form to the behavior expressed in the 
simple law of Boyle. The deviations whi(th 
exist have been the subject of much fruit¬ 
ful study and will be mentioned again 
in Chapter XI1. 

Charles’ Law 

Having found the relationship which 
exists between pressure and volume, the 
next controlled experiment consists in 
keeping the pressure constant and study- 
Fig. 10. APPARATUS TO the effcct of temperature changes on 

volume of a given gas. Inis experi¬ 
ment was first performed by Charles, a 
French physicist, in 1787, and the resulting statement of the re¬ 
lationship existing between volume and temperature is known as 
Charles’ law. 

The apparatus used by him is shown diagrammatically in 
Fig. 10. The gas under test is confined in the long calibrated 
glass tube on the left and is prevented from escaping by means of 



Water, 

jacket 
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mercury in this and an open tube connected to it by means of 
flexible rubber tubing. Raising and lowering the right-hand tube 
changes the pressure acting on the gas under test, because it 
changes the difference in the levels of the mercury in the two tubes. 
Now remembering that this experiment is to be controlled so that 
the pressure remains constant, we will always arrange to have a 
pressure equivalent to 1 atmosphere acting on the gas. This can 
be accomplished by adjusting the mercury columns to the same 
level on the two sides (Law 2, page 163). The glass tube con¬ 
taining the confined gas can be surrounded by a jacket so that 
various temperatures can be given to the gas by simply circulat¬ 
ing fluids of definite temperature through the jacket. The data 
to be noted are: temperature and volume of the gas under test. 
Below is shown a table in which are listed the volumes of the gas 
(first column) for various temperatures (second column). 

TABLE II 

TEMPERATURES AND VOLUMES OF A GAS 


Volume cc 

Temperature °C 

! 

. .,| 

Absolute 

temperature 

1119 

100 

373 

939 

40 

313 

879 

20 

293 

849 

10 

283 

822 

1 

274 

819 

0 

273 

816 

-1 

272 

759 

-20 

252 

519 

-100 

173 

0* 

-273 ♦ 

0 * 


* These values are extrapolated or calculated from the other sets of figures. 


It is apparent from the first two columns that the volume not 
only decreases as the temperature is lowered but that the decrease 
per degree is regular (3 cc for every degree in the case of this 
particular sample of gas). Following this decrease down, we 
would expect the volume to become zero when a temperature of 
—273°C has been reached. Experimentally it has not been possible 
to test the latter conclusion, for the simple reason that all gases 
liquefy before this temperature is reached. No matter what gases 
are employed nor in what original quantity, a regular shrinkage 
in volume is always observed on cooling, and by extrapolation of 
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the results the volume appears to become zero at — 273°C.* 
Although Charles rightly receives credit for the important early 
experiments on the temperature-volume relationship in gases, it 
became possible about the middle of the nineteenth century to 
state the results of his experiments in a more succinct form than 
had occurred to him. This was done by defining a new scale of 
temperature, beginning with — 273°C as a zero, that is, with the 
temperature at which the volume of a gas should be zero, and 
making the new degree intervals equal in magnitude to those of 
the centigrade scale. Thus the 0°C mark corresponds to the 273° 
mark of the new scale. This is called the absolute scale of tem¬ 
perature,^ and it is evident that any centigrade temperature 
reading may be converted to the absolute scale by adding 273°. 
In the last column of figures in Table II are given the absolute 
temperatures corresponding to the centigrade readings in the 
experiment. The introduction of the absolute scale of tempera¬ 
ture enables one to state the result of the above experiment as 
follows: The volume of a gas is directly proportional to the absolute 
temperature if the pressure remains constant. This is often called 
Charles’ law, although he did not introduce the absolute tem¬ 
perature scale. The statement is seen to be in accord with the 
values given in columns 1 and 3 of the table. 

"Perfect” gases show excellent agreement with this law; but 
even for the others the deviations are small, and, for practical 
purposes, the law is usually taken to apply to all gases and their 
mixtures. 

The last controlled experiment to be performed on the gas 
would be a study of the relationship between temperature and 
pressure, the volume being kept constant. When this is done it is 
found that the pressure varies directly with the absolute temperature 
for all gases. Charles is also credited with the discovery of this 
relationship, and it, like the above, is often simply called Charles’ 
law. 

We may now summarize what has been said about the “gas 
laws” as follows: 

(a) the pressure varies inversely a.s the volume (p «: ijv) if the tem¬ 
perature remains constant (Boyle); 

^ Another way of summarizing the results would be to state that the volume of a gas 
changes of its volume at 0®C for every degree change in temperature. 

* For ordinary calculations the absolute zero is usually taken to be — 273°C, although 
it is actually a tenth of a degree lower than this. 
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(b) the volume varies directly as the absolute temperature {v qc T) if the 
pressure is kept the same (Charles); 

(c) the pressure varies directly as the absolute temperature {p « T) if the 
volume remains the same (Charles). 

Mathematically all these laws can be combined into the form: 
pv = KTj where p, Vy and 7' have the same meaning as before 
and K represents a constant for a given sample of gas. In tliis 
form the equation is usually referred to as the perfect gas equation. 
It represents completely the state of a perfect gas for any given 
set of physical conditions. 

Suppose that a given gas has initially a certain volume, pres¬ 
sure, and absolute temperature, and some time later, due to a 
temperature, pressure, or volume change it is in another condi¬ 
tion, then we can write for the initial state: piV\ = KTiy and for 
the final state: P 2 V 2 = K T 2 , from which we see that 


PiVi __ 

Ti ” 7 * 2 ’ 

Example. The gas in a balloon has a volume of 2 liters at a pressure of 78 cm 
of mercury and a temperature of 20°C. What will ])e the volume of this gas if its 
temperature changes to 40°C and the pressure decreases to 74 cm of mercury? 

Solution. Let us call the unknown final volume x. Using the above reasoning, 
we may write: 

78 X 2 _ 74 X a: 

293 313 ^ 

jr 1-1 313X78 >2 

from which x — —29^>r^4 ^ liters. 

When the volumes of gases are to be compared, it has become 
customary to do so under the same conditions of temperature and 
pressure. The values chosen are referred to as normal temperature 
and pressure (NTP), and this implies a temperature of 0°C and a 
pressure equivalent to 760 mm of mercury. Considering again 
the gas mentioned in the example, we can cakmlate its volume at 
NTP as follows: 

78 X 2 76 X X 

293 - 273 ’ 

which gives =1.91 liters for the volume of the given gas under 
what are called standard conditions, i.e,, NTP. 
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Gas Laws and Kinetic Theory 

Having established the laws of Boyle and Charles experi¬ 
mentally, we are now ready for the question of how they fit in 
with the kinetic theory. We have already mentioned that the 
pressure exerted by a gas is produced by the very rapid bombard¬ 
ment of the sides of a vessel by fast moving molecules. Suppose 
that we have a vessel (Fig. 11) in the form of a cylinder and piston 
and that it contains a large number of molecules having a volume 
V an(^ producing a pressure P on the sides and piston. Now if 
the piston is forced in slowly, so that the temperature does not 




Fig. 11. HOW boyle’s law follows from the kinetic molecuiau hypothesis 

change appreciably, until the volume is half its former value, 
then although the number of molecules stays the same they will 
make twice as many impacts per second on the walls. This is 
because they are now crowded into half their former space. The 
result will be that the pressure is doubled. Thus Boyle’s law may 
be understood on the assumption that the pressure is produced 
by the impacts of rebounding molecules. 

Let us consider Charles’ law in the form that the pressure 
varies directly with the absolute temperature when the volume is 
kept constant. Since it has been assumed (p. 149) that the average 
kinetic energy of a molecule {hmv^) is a measure of the tempera¬ 
ture, then at the absolute zero of temperature the average velocity 
of molecules should be zero, and thus their pressure must be zero. 
In order to show that the pressure should be proportional to the 
absolute temperature, we note that the pressure depends upon the 
magnitude of the impacts of the molecules and also upon the 
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number of impacts per second. Expressing these ideas a little 
more definitely: 


p a momentum * (mv) per impact 
and p oc frequency of impacts (/). 

Altogether then, p a (mv X /). But the frequency of impacts 
/, in a given vessel, depends only upon the velocity of the mole¬ 
cules. The faster they travel the more impacts per second with 
the wall. 

Hence p oc (mv X v) a (mv^). 

But the average kinetic energy is assumed proportional to the 
absolute temperature, i.e., T <x mv"^, therefore p T, which is 
the symbolic way of writing Charles’ law. 

The laws of Boyle and Charles have therefore been explained 
on the basis of behavior to be expected of perfectly elastic mole¬ 
cules. We have tacitly assumed that there are no forces between 
the molecules and that their dimensions are negligible compared 
to the space in which they move. These conditions, as we shall 
see later, are not completely satisfied by actual gases. Since, 
however, the latter do not deviate very much from the ideal 
conditions, it was possible to discover the simple gas laws by 
experimenting with actual gases. 

Avogadro’s Law 

Another law of considerable significance in the study of gases 
is: Equal volumes of gases under the same conditions of temperature 
and pressure contain equal numbers of molecules. This was origi¬ 
nally formulated as an hypothesis by Avogadro (Italian physicist, 
1776-1856) to explain why all gases conformed to the simple gas 
laws. Although this law can also be explained with the aid of the 
tenets of the kinetic theory, we shall not give the reasoning here. 

From the discussion thus far it should be clear that the assump¬ 
tions of the kinetic theory about the mechanical behavior of 
gaseous molecules have gone far in explaining the properties of 
these substances. It is also true, however, that under some condi- 

* The magnitude of an impact (or impulse) is measured by the change produced in a 
Quantity {mv) called momentum. This is seen to be the case if one writes Newton s second 
law in the form: Ft * m.v - mv^. Stated in words, this means that the impulse {Ft) is equal 
to the change in momentum. 
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tions gases deviate considerably from the ideal behavior that 
may be deduced from the simple theory. We will mention only 
two. The first concerns the fact that the specific heats of gases 
have been found to be very greatly dependent upon temperature. 
The classical kinetic theory did not offer a reasonable explana¬ 
tion for this, and only in recent times has it been possible to 
understand the behavior in terms of the quantum theory. The 
other phenomena which are only partially explained by the simple 
kinetic theory occur when gases approach the condition of con¬ 
densation or change of state. In such cases it has been found 
necessary to take into consideration the sizes of the molecules as 
well as the forces that act between them. This, of course, is a 
slight divergence from the original theory in which these factors 
were considered of negligible importance. 

The foregoing are illustrations of the way of science. We must 
be ready to modify or amplify any hypothesis or theory if its 
predictions are not in accord with experiment. Further, it may 
even be necessary to admit that a theory which at first seems 
relevant is wholly inadequate and then to proceed to apply or 
formulate another. 


EXERCISES 

1. Will a floating object §ink lower in water (density = 1 g/cc) than in mer¬ 
cury (density = 13.6 g/cc)? Why? In which fluid could a ship be loaded more 
heavily? Why? 

2. If some gas is left in the part above the mercury in the closed tube of a 
barometer, will the instrument give readings of atmospheric pressure that are too 
low, or too liigh? Explain. 

3. Is it easier to swim in salt water or fresh water? Explain. 

4. Is it easier for a large and heavy person to float in water than for a light thin 
person? Explain. 

5. If the hydrogen in a dirigible could all be pumped out so that a vacuum re¬ 
mained, would the ship have more lifting power? Explain. 

6. What limits the depth to which a submarine can dive? 

7. What physical properties of the air in a tire are affected if: (a) the day gets 
warmer, (6) more air is pumped into the tire, (c) the atmospheric pressure de¬ 
creases? 

8. Referring to Table II: (a) Show numerically why Charles^ law is satisfied 
(volume-temperature form); (b) If the pressure corresponding to a volume of 
819 cc and is 760 mm, make a table showing how the pressure would vary 
with temperature if the volume were kept constant. 

9. Discuss the possibility of calculating the height of the atmosphere from the 
relationsliip p = hdg. 
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PROBLEMS 

1. What is the pressure exerted on the floor by a 2-ton steel column, the area 
of whose base is 130 sq in? (State the units in your answer.) 

2. What will be the pressure at a point 20 ft below the surface of (a) fresh 
water (density = 62.4 Ibs/cu ft), (h) sea water (density = 64 Ibs/cu ft)? 

3. Calculate the pressure and total force acting on the outer door of a sub¬ 
marine when 100 meters below the surface of sea water (density = 1.02 g/cc). 
The door is rectangular in shape and 1 meter square. 

4. The area of the small piston of a hydraulic lift is 1 sq in. A force of 100 lbs 
is applied on the small piston. If the large piston has a diameter of 1 ft, how much 
force can be exerted at the large end? 

5. Compressed air at 200 Ibs/sq in is used to elevate a car on a hydraulic jack. 
If the piston is 10 inches in diameter, what is the maximum weight that can be 
elevated? 

6. A ship of 50,000 tons displacement weighs how much? 

7. A gas has a volume of 220 cc at 70°C and 700 mm pressure. What will be 
the volume at NTP? 

8. Convert 300 cc of a gas at — 10°C and 720 mm pressure to 20°C and 
860 mm pressure. 

9. 22.4 liters of oxygen at NTP contain 6.02 X 10^^ molecules (Avogadro^s 
number). How many molecules will there be in 1 cc of oxygen? 
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chapter XI 


Discovering Scientific Laws 


The problem of discovering a law ^ from a collection of experi¬ 
mental data is one that is encountered frequently in science. 
Sometimes the law can be discovered directly from the data; for 
example, the relation between the pressure and the volume of a 
given mass of gas (p. 171), at a constant temperature, can be 
determined from a sufficient number of observations by noting 
that the product of the volume and the pressure is always con¬ 
stant. In many cases the general law cannot be found so easily, 
and hence recourse to more refined methods is necessary. In this 
chapter we shall indicate the basic ideas involved in the use of 
these more refined methods. 

The Function Concept 

In studying natural phenomena as well as human affairs, scien¬ 
tists are interested in observing how one thing changes with 
another. Thus when we study the growth of living things, we are 
interested in the change in size of the living thing as it gets older, 
that is, as its age changes; when we study the motion of the 
Earth in its orbit, we study how the position of the Earth changes 
as the time changes; we study the change in the cost of a com¬ 
modity as the demand changes; and so forth. In each of these 
examples there are two quantities which change in value, and 
hence they are called variables, thus distinguishing them from 
those quantities which do not change and are called constants 
(such as the number of inches in one foot). The relation between 
the two variables in each case is an example of a functional rela¬ 
tion. In general, when two variables x and y are so related that cor- 

1 See footnote, p. 4. ' 
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responding to each value of the variable x there is determined one or 
more values of the variable ?/, then the variable y is said to be a func¬ 
tion of the variable The variable y, whose values are deter¬ 
mined by the functional relation, is called the dependent variable 
or the function, and the other variable x is called the independent 
variable. 

Using the terms just defined, the above examples of functional 
relations can be restated as follows: The size of a living thing is a 
function of its age; here the independent variable is age, and the 
dependent variable is size. The position of the Earth in its orbit 
is a function of (he time; here the independent variable is time, 
and the dependent variable is position. The cost of a commodity 
is a function of the demand; here demand is the independent 
variable, and cost is the dependent variable. 

Often a scientist encounters a problem which leads him to 
consider functions in whi(*h more than one independent variable 
occurs. For example, the volume of a given mass of gas is a func¬ 
tion of the temperature and the pressure of the gas, since a change 
in either or both causes a change in the volume. Likewise, the 
cost of a commodity is a function of both the supply of the com¬ 
modity and the demand for it. We shall not consider functions of 
several variables in this chapter, since we can illustrate the use 
of functions sufficiently by considering those of only one inde¬ 
pendent variable. 

It will be observed from the examples already considered that 
the concept of a func^tion is very broad, since it is a generalization 
of scientific laws which in themselves are generalizations. Thus 
the function concept is a generalization of generalizations, and 
hence it has innumerable particularizations. The study of func¬ 
tions is a very important branch of mathematics and one that is 
of great use to science. In mathematics, functions are studied in 
their abstract form, regardless of whether they can be applied to 
growth, the path of the Earth, cost and demand, or to any other 
relationship. Then, as observation leads scientists (in either the 
natural or the social sciences) to discover laws which are special 
cases of the function concept, the entire mathematics of functions 
becomes available to deal with the particular problem under 
consideration. 

^ Note that this use of the word function is different from the one in which it is used 
synonymously with purpose, as in the functio?i of the stomach is to digest food.” 
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EXERCISE 

1. List four examples of functional relations in everyday life and not con¬ 
sidered so far in this book. What are the independent and dependent variables in 
each functional relation? In what units are the independent and dependent 
variables in each functional relation measured? 


Methods of Representing a Function 

There are four methods by which a function can be represented. 
They are: (1) by means of a verbal statement, (2) by means of a 
table of values, (3) by means of a graph, and (4) by means of an 
equation. We have seen examples of each of these methods in 
previous chapters of this book. All the examples given in the 
previous section of this chapter are examples of a function repre¬ 
sented by a verbal statement. Any table of values, such as that 
on p. 26 giving the velocities of the various planets and their dis¬ 
tances from the sun, is an example of a functional relation repre¬ 
sented by a table. Any graph, such as the graph of the tempera¬ 
ture during a day, represents a functional relation. Any equation, 
such as F = ma or s = -f vot, is an example of a functional 
relation. 

Observations of natural phenomena may lead directly to any 
one of the four methods of expressing a function. Thus concepts 
such as velocity, force, and work are first defined by means of 
verbal statements, but, since these particular verbal statements 
are precise, they can be rewritten immediately by means of 


equations as v = -, F = fna, and W = F X d. 


Tables of values 


are obtained directly in recording the results of the observation of 
a natural phenomenon, such as the number of inches of rainfall for 
each day during a particular month. (Iraphs are obtained directly 
by means of recording instruments, such as recording thermome¬ 
ters, recording barometers, seismographs, etc. 

Since the record of a natural phenomenon may sometimes be 
obtained directly as a verbal statement, sometimes as a table of 
values, sometimes as a graph, and sometimes as an equation, it is 
important to know how to transform one mode of representation 
into another. If the verbal statement is precise, then, as we saw 
in the preceding paragraph, it is exactly the same as the equation, 
and conversely; so we need to consider only the methods of 
transformation between graphs, tables of values, and equations. 
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If the verbal statement is not precise, then more observations of 
the phenomenon are necessary, either to make the statement 
precise or else to obtain a graph or table of values. 

If we have given an equation, such as 

F = |C+ 32, 

which expresses the Fahrenheit temperature F as a function of 
the centigrade temperature C, we can find a table of values im¬ 
mediately by substituting values for the independent variable C 
and computing the values of the dependent variable F.^ The 
result is: 

C -30 -20 -10 0 10 20 30 40 50 60 70 80 90 100 110 
F -22 - 4 14 32 50 68 86 104 122 140 158 176 194 212 230 


Now we can plot these values on rectangular coordinate paper, 


as in Fig. 1, and then join 
the points so obtained with 
a smooth curve (which in 
some cases may be a straight 
line). In this way, if an 
equation is given, we can 
get both a table of values 
and a graph. The example 
considered also shows that 
if a table of values is given 
we can get a graph from 
it. 

If we have given a graph, 
then we can get a table of 
approximate values by 
reading off from the graph 
the corresponding values of 
the variables. For example, 
Fig. 2 is a graph of the 
number of grams w of po¬ 
tassium chlorate that can 
be dissolved in 100 grams 



1 Note that the equation F = fC + 32 can be solved for C in terms of F, giving C 
« f (F - 32) where C is now a function of F and where F is the independent variable and 
C the dependent variable. Thus the terms independent variable and dependent variable are 
sometimes arbitrary, and in such a case either quantity may bo thought of as a function 
of the other. 






















184 


PHYSICAL SCIENCE 


of water at various centigrade temperatures t. To get a 

table of approximate values from the graph, we can choose 
a set of values of t, say 5, 15, 25, 35, 45, 55, 65, 75, 85, and 95, 
and then read from the graph the corresponding approximate 
values of w. When t = 5 the graph shows that w is more than 3 
and less than 4, so we shall have to estimate the fractional part. 
Thus for t = !), w appears to be about 3.8. Similarly, for t = 15, 
w appears to be about 5.9. Continuing to approximate the values 
of in a similar way, we obtain the table: 

i 5° 15° 25° 35° 45° 55° 65° 75° 85° 96° 

w 3.8 5.9 8.4 12.1 17.0 22.9 29.0 36.0 43.6 52.0 

Given a table of values, it is an easy matter to get a graph of 

the function, but to determine the etjuation which corresponds 
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Fig. 2. graph of the number op grams w of potassium chlorate that can 
BE dissolved in 100 grams of water at various centigrade temperatures t 

to this function is not so simple. This is the sort of problem to 
which we have already referred in the introductory paragraph. 
In order to consider this problem, a few important functional 
relations, which are expressed as equations, will be discussed in 
the next section, so that we may be able to recognize the simpler 
graphs and thus obtain equations to approximate them. 

However, before considering special types of functions we 
should observe the relative advantages of each method of repre¬ 
senting a function. The table of values gives exact corresponding 
values for the two variables, while the graph can give only ap¬ 
proximate corresponding values. We can see from the tables of 
values how the function changes in value, but this can be seen 
more readily from the graph. Thus both the graph of Fig. 1 and 
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the table for it show that F is decreasing as C is increasing; but 
the graph calls attention to this fact immediately, while it is 
necessary to study the table of values a little before one recog¬ 
nizes it. The precise verbal statement and the equation express 
the functional relation in very concise and at^curate form, but 
whether the function is increasing or decreasing is not usually 
obvious from the equation. However, we can get both a table of 
values and a graph from the equation; hence the equation is the 
most desirable method of expressing a functional relation, for it 
includes everything that can be obtained from any of the various 
methods of representing furudions. That is why the problem of 
finding an equation to represent a scientific law is so important. 

EXERCISES 

1. Plot the grajih of \) — 100 — 32^. 

2. Plot the g:raph of s — 100/. — l(5/‘^ 

3. Plot the srai)h of the va|K)r j)ressur(5 F of water in inin of inercury as a 
function of the centigrade temperature T from the following table of values: 

T 0° 10° 20° 30° 40° 50° 00° 70° 80° 00° 100° 

P 4.0 9.1 17.4 31.5 54.9 92.0 148.9 233.3 525.5 700.0 

4. From the graj^h of Fig. 1 in this chapter determine the Fahrenheit tempera¬ 
tures that correspond to the following centigrade temperatures: —24°, —8°, 
6°, 14°, 22°, 40°. Check the values you found for —24°, 0°, and 40° computing 
them by means of the exiuatioii F — |C + 32. 

5. From the graph of Fig. 2 in tliis chapter, determine the number of grams of 
potassium chlorate that will dissolve in 100 grams of w^ater at the following centi¬ 
grade temperatures; 10°, 20°, 50°, 70°, 100°. At what centigrade temperature will 
20 grams of potassium chlorate dissolve in 100 grams of water? 

6. The number of grams of lead nitrate m that can be dissolved in 100 grams of 
water at centigrade temperatures t is given in the following table: 

t 0° 10° 20° 30° 40° 50° 60° 70° 80° 90° 100° 

w7”3(3X~44l”52.3 "GO.7 69.4 78.7 88.0 97.7 lO^^O 117.4 ' 127.0 

Plot the graph of iv as a function of /. How many grams will dissolve at 65°? 
At what temperature will 100 grams dissolve? 

The Graphs of Certain Equations 

Among the equations in two variables whose graphs are useful 
in science the following occur frequently: 

(1) ax + by + 1 — 0 (3) xy — a 

(2) y == ax^ + + c (4) ax^ + by^ = 1 

(5) y = abex. 
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In all the above equations, a, 6, and c are constants, and x and y 
are variables. A graph of a particular case of each of the above 

equations can be obtained 
by assigning values to the 
constants a, &, and c, and 
then plotting the resultant 
equation. 

If a = i and b = the 
equation (1) becomes ix 
— ii/ + 1 = 0 and its graph 
is plotted in Fig. 3. In text¬ 
books on analytic geometry 
it is proved that all equations 
of the form (1) have graphs 
which are straight lines. All 
straight line>s, and no other 
curves, have the property 
that if any two points on the 
line arc taken, the ratio of 
the difference in the y values 
to the difference of the x 
values is constant. This 
ratio is called the slope of the 
line because it determines the steepness of the line. For example, 
take the points (2,G) and (4,9) which are on the line lx — hj + 1 
= 0 since they satisfy its equation. The ratio of the difference of 

9 6 3 

the y values to the difference of the x values is-- = “• If any 

4: u 

other pair of points on the line ix — + 1 = 0 is chosen, the 

ratio will also be 1. For example, choose the points (-4,-3) 
and (10,18); then the ratio becomes 

18 - (-3) 18 + 3 21 3 
10 - (-4) “ 10 + 4 “ 14 ~ 2 ■ 

The graph of any direct variation (see Chapter II, equation 2) is 
a straight line which passes through the origin with a slope equal 
to the constant in the equation of direct variation. 

The equation (2) 



Fig. 3. the geaph of a function of the 
TTPE ax + bt/ + 1 = 0, A STEAIGHT LINE 


y — ax^ + 6x + c 
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xy = a 


is a special case of a more general type of algebraic function, 
called a polynomial, which may have higher integral powers of x. 
Sometimes, especially in the mathematics of insurance, polyno¬ 
mials of higher degree than the second are used in fitting func¬ 
tions to given data; however, we shall 
consider only the second-degree poly¬ 
nomial (2). If we let a == 1, 6 = 1, and 
c = — 6, the equation becomes y = x^ 

+ ^ — 6, and its graph is plotted in 
Fig. 4. This curve is called a parabola, 
and the graph of every equation of the 
form (2) is also a parabola which may 
be wider or narrower, to the left or right, 
and above or below the particular curve 
we have illustrated. The mirrors in re¬ 
flecting telescopes and automobile head¬ 
lights are parabolic in shape; the path 
of a projec^tile shot at an angle is para¬ 
bolic; and the supporting cables of a 
suspension bridge are approximately 
parabolic. 

The equation (3) 
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Fig. 4. the graph of a 

FUNCTION OF THE TYPE 1/ 
= CIX."^ -f- hx + C, A PARABOLA 


is of importance because it is the equa¬ 
tion of any inverse variation (see Chap¬ 
ter II, equation 10). If we let a = 4, 
then we have the equation xy = 4, whose graph is plotted in Fig. 5. 
This curve is called a hyperbola. In addition to being the graph of 


inverse variation, the hyperbola is of importance in that non¬ 
periodic comets are believed to travel in hyperbolic paths; also, 
it is employed in methods of sound-ranging for locating the source 
of a sound, such as an enemy gun. 

The equation (4) 


ax^ + by^ — I 

has two different graphs, depending on whether a and b are alike 
or different in sign. If they differ, the graph of (4) is an h 3 ^erbola, 
placed differently with respect to the x and y axes from that 
shown in Fig. 5. If a and b are alike in sign, then the curve is called 
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an ellipse. Figure 6 illustrates a particular case of an ellipse 
where a = i and 6 = 1. The paths of the planets and of periodic 

comets are elliptical. When a 



Fig. 5. the graph of an equation 

OF THE TYPE Xy ~ a, A HYPERBOLA 


= 6 in equation (4), the graph is 
a circle, which is a special case 
of the ellipse. 

The equation (5) 

y = a¥^ 

is called an exponential equa¬ 
tion, since the variable x appears 
only in an exponent. Its graph 
is an exponential curve. Two 
values of 6 are used commonly: 
one is 10; and the other is the 
number c, which is approximately 
2.71828. The number 10 is 


used because it is usually necessary to employ logarithms in 
working with an exponential equation, and logarithmic tables 
using the base 10 are easily available. The number e is used 


because it arises out of the 
consideration of problems of 
natural growth. The exponen¬ 
tial equation occurs so fre¬ 
quently in natural growth that 
it is often called the law of 
organic growth. The growth 
of organisms, such as bacteria 



and even of such a complex 
organism as a human infant. 


Fig. 6. the graph of an equation of 
THE TYPE ax'^ hy^ = J, an ellipse 


can be represented by an exponential equation. The graph of a 


particular case of an exponential equation when a = 1, 6 = 2, 


and c = 1 is plotted in Fig. 7. 


EXERCISES 


1. Plot the graph of 2x + 3y = 5. What is the slope of this straight line? 

2. Plot the graph oi y = x — 12. 

3. Plot the graph of xy — 10. 

4. Plot the graph of -f 9y‘^ = 9. 

5. Plot the graph of ?/ == 3"'. 

6. For a definite mass of a certain gas, Charles^ law states that the volume V 
varies with the absolute temperature T, when the pressure is constant, in accord- 
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ance with the equation V ~ 2.57'; and Boyle’s law states that the volume V 
varies with the pressure P, when the tcm])crature is constant, in accordance 
with the equation FV = (1.4. Plot the graphs of 
both of these equations on the same piece of graph 
paper. (Hint: Label the horizontal axis with two 
scab's, one for pressure and one for absolute tem¬ 
perature.) 


FB 


Empirical Equations 

Having become familiar with the graphs 
and equations of some functions, we may 
now consider the problem of finding an [-[ 
equation which will approximate a given 
set of data. Such an equation is called an 
empirical equation since it is obtained from 
empirical data. To illustrate the method 
of handling this problem, we will consider 
a method of obtaining Charles’ law from 
experimental data. 

By means of suitable equipment it is 
possible to observe that the volume of a 
given mass of gas decreases as the tempera¬ 
ture decreases, if the pressure is kept con- Fig, 7. thk graph of an 
stant. This is a qualitative law and, usually, kxponkntial equation 
after making the observations leading to it, ^ 

the remark is made that a more thorough study of the phenome¬ 
non will lead to the quantitative law which states that: The 
volume of a given mass of gas varies directly as the absolute 
temperature if the pressure is constant. We shall now investigate 
a method by which such further study of this phenomenon leads 
to the quantitative law'. 

With the same equipment as was used for making the qualita¬ 
tive observations, the following readings of the centigrade tem¬ 
perature and the volume in cubic centimeters of a given mass of 
gas, at constant pressure, were taken: 

T 0° 20° 40° 60° 80° 100° 

T 367 393 420 446 474 500 

This set of data is plotted in Fig. 8.^ If a straight edge is laid on 

' Note that, since there are no values of V less than 367, the portion of the graph paper 
between 0 and 307 will be unused, and hence it may be omitted and the horizontal axis 
placed at a convenient level. 
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450 C.C; 


t^CC; 


this set of points, it will be seen that they lie almost on a straight 
line. Hence we will assume that they do lie on a straight line and 
that the inherent errors in measurement cause the points to 

deviate from a straight line. Now 
the problem becomes that of de¬ 
termining the equation of a straight 
line which will fit the given points. 
Since the given points are assumed 
to lie approximately on a straight 
line, they must satisfy the equation 
of this straight line. Now the equa¬ 
tion of a straight line in the varia¬ 
bles V and T is (see (1) of the pre¬ 
vious section): 




-350 C.C; 


■20 


ffBPf 


■spatioo" 


aT + feF + 1 =0. 


( 1 ) 


Substituting each pair of values in 
equation (1), we get 


a 


a*0 + fe' 
a • 20 + 6 

• 40 + 6 • 
•60 + 6- 

• 80 + 6 • 
100 + 6 ' 


367 + 1 = 0 
393 + 1 = 0 
420 + 1 = 0 
446 + 1 = 0 
474 + 1 = 0 
500 + 1 = 0 


Fig. 8. the variation of vol¬ 
ume WITH TEMPERATURE FOR A 
SAMPLE OF GAS AT CONSTANT 
PRESSURE 


Here we have six equations with two 
unknowns a and h. These unknowns 
could be determined by selecting 
any pair of the aboye equations and 
solving them. However, this is 
equivalent to selecting two points and taking the line through 
them as the graph that fits all of them. A better way is to divide 
the equations into two groups with an equal number of equations 
in each group (if the total number of equations is odd, then one 
group will have one more equation than the other group). Thus: 


3676 + 1 = 0 
20o + 3936 + 1 = 0 
40a + 4206 + 1 =0 


60a + 4466 + 1 =0 
80a + 4746 + 1 =0 
100a + 5006 + 1 =0 
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Now if we add each group of equations we will get two equations 
into which all sets of data have entered equally. Thus, adding 
the first group gives 

60a + 11806 + 3 = 0. (2) 

Adding the second group gives 

240a + 14206 + 3 = 0. (3) 

Now solving equations (2) and (3) for the unknowns a and 6, 
we obtain 

a = 5 +^ and 6 = • 

Substituting these values in equation (1), we get 

~ TrViT^ +1=0, (4) 

and solving for V, 

V = iT + . (5) 

This equation expresses the relation between the centigrade 
temperature ‘ and the volume, and it is the desired equation. 
In order to obtain a better fit to the phenomenon than equation 
(5), more observations would be made, thus increasing the 
number of equations used in obtaining ecjuations (2) and (3), 
and hence decreasing the contribution to the final error that is 
obtained from the error in each measurement, and more refined 
mathematical methods might be used. 

If plotting the data which results from a set of observations of 
a natural phenomenon does not give points which appear to lie 
on a straight line, then we decide whether the points appear to 
lie on a parabola, an exponential curve, a trigonometric curve, 
etc. If they appear to lie on one of these curves, then methods 
similar to that used above will give an equation which is a better 
fit to the data. 

* If we factor f out of the two terms on the right-hand side of the equation, we obtain 

V = ^{T + 275). 

Since the absolute temperature T' is the centigrade temperature T plus 273, this equation 
is approximately the same as the equation 

F « -f 273) 

F« ir 
T' rm T + 273. 


or 

where 



192 


PHYSICAL SCIENCE 


EXERCISES 

1. In a series of observations on the centigrade temperature and volume of a 
given mass of gas at a constant pressure, the following readings were made: 

T 0° 20'^ 40° ()0° 80° 100° 

V 305 391 424 449 471 500 

Find the equation fitting these data. 

2. P"ind the equation of a straight line fitting the data in Exercise 6, p. 185. 
From your equation determine how many grams will dissolve at 65°, and at what 
temperature 100 grams will dissolve. Compare these answers as to accuracy with 
those ol)tained in Exercise 6, p. 185. 

3. Find the equation of a parabola fitting the data in Exercise 3, p. 185. (Hint: 
Follow the same method as for a straight line, but divide the data into tliree 
groups since there are three unknowns to determine.) 

Prediction by Empirical Equations 

In some of the problems discussed above it has been shown 
that an empirical equation is useful for obtaining values of the 
dependent variable not included in the original data. This use is 
of great importance in estimating values of a function which 
cannot possibly be found by experiment. For example, by making 
laboratory tests a formula telling us how the strength of struc¬ 
tural steel is related to its dimensions is found empiri(;ally. Using 
this formula it is then possible to determine the proper dimensions 
for all the steel members in a modern skyscraper. It would ob¬ 
viously be impossible to test steel beams of all sizes needed, not 
only because of the large number of tests that would be necessary 
but also because of the inadequacy of laboratory equipment to 
test very large steel members. 

Whenever it is desired to know the value of a variable at a 
future time, an empirical formula relating this variable to the 
independent variable, time, furnishes a basis for such estimation. 
Suppose, for example, that a state government should undertake 
a policy of old age pensions. It would be necessary to know in 
advance how many people of pension age will have to be sup¬ 
ported in this manner in order to formulate a means of obtaining 
the necessary funds. A formula telling approximately how many 
people will be eligible for pension in 1950, 1955, 1960, and so on 
could be derived, and it would be helpful in determining taxes, 
subsidies to be paid by industrial concerns, or whatever funds are 
to be used. ' 
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For such purposes as those suggested above, exact values are 
not needed. Even in structural engineering an appreciable ^^factor 
of safety’’ is always required by law, partly in recognition of the 
fact that estimated strengths are not exact. For example, instead 
of members of a structure just strong enough to withstand maxi¬ 
mum loads, building codes require that the strength shall be 
from 3 to 15 times the minimum strength needed, the precise 
factor depending upon the material used and the type of struc¬ 
ture. 

It is possible that our familiarity with some of the equations 
of physics and chemistry leads us to place more confidence in 
them than in most empirical formulas. Indeed, it may appear 
that these equations are not empirical but are derived by logic. 
However, if such a formula has not itself been derived empiri¬ 
cally, it has been derived by reasoning from other formulas which 
are empirical in nature. This suggests that, in addition to the 
prediction of numerical values directly from a formula, the latter 
may serve as a basis of other formulas from which such predic¬ 
tion is made. 

Criticism of Empirical Equations 

Empirical equations, discovered as described above, are not 
to be considered exact representations of functional relations; 
they are approximations of the same sort as are the results of 
measurements. We must be satisfied with suc^h approximations, 
since exact measurements and exact eejuations are often im¬ 
possible to obtain. Fortunately, in practical work, good approxi¬ 
mations are usually sufficient for our needs. 

The student will observe that the method of arriving at a 
formula empirically is similar to the process of inductive reason¬ 
ing. The formula obtained must be accepted only tentatively 
just as is the conclusion of induction. As in the case of induction, 
in which more observations furnish stronger evidence of the con¬ 
clusion, so also with empirical formulae more data may be ex¬ 
pected to yield us better approximations. That is, if a large 
number of points are plotted and a formula is fitted to them, we 
believe it is more nearly correct than if it were based on a small 
number of points. Consequently we feel that predictions based 
on the formula will be more reliable, i.e., involve less error, than 
in.the case of a formula based upon fewer data. 
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Another source of error in the use of empirical equations arises 
out of the fact that it is not always easy to decide which equation 
will give the best fit. Thus, if a graph of a set of observations 
results in a curve such as Fig. 2, the shape of the graph suggests 
that a parabolic or an exponential law might fit. Unless both 
possibilities are carefully tested, the poorer fit may be adopted, 
and, as a consnequence, there will be greater errors in the predic¬ 
tions made with it. This difficulty is partially overcome by the 
methods of determining the best fit, which are discussed in text¬ 
books in the branch of mathematics known as statistics. 

It is probable that empirical equations are more reliable in 
physical fields, such as engineering, than in the social sciences 
for, in physical situations, the conditions under which experi¬ 
ments and observations are made can be controlled to a large 
extent, so that unknown and extraneous factors can be eliminated. 
Such control is often impossible in social sciences. For example, 
in determining the amount of a substance which will dissolve in 
water at different temperatures, experiments can be carried out 
with all conditions fixed except the temperature; hence we feel 
sure that the variable results are due to change of temperature. 
On the other hand, if we try to determine the relation between 
the price of shares of common stock of a certain company and the 
profits of the company by making observations over a period of 
several months, we cannot be sure that other factors, such as 
stock manipulation, have not been important in determining the 
market price of the shares. For that reason the empirical formula 
which we may obtain cannot be depended upon with the same 
degree of certainty as that obtained in a physical situation such 
as the one mentioned above. 

Physical Restrictions on Equations 

An equation can often be satisfied by more pairs of values than 
are permitted by the physical situation of which it is a descrip¬ 
tion. Thus the equation representing Boyle’s law for a certain 
sample of gas may be PF = 10. Now whether we substitute a 
positive or a negative value for P,- the corresponding value of V 
can be calculated. However, in the physical world, a negative 
value for either P or F is meaningless. Hence it must be under¬ 
stood that when the equation PF = 10 is used to represent 
Boyle’s law, only positive values of P and F are to be used. TJius 
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the graph of Boyle’s law is that portion of the graph of the hy¬ 
perbola (Fig. 5) which lies in the first quadrant. The set of values 
which a variable may take in an application is called the range of 
the variable. In each case where an equation is used to represent a 
scientific law the range of values of each variable must be clearly 
stated or understood, for the ranges are different for different 
scientific laws. Thus the formula F = |C + 32 has physical 
meaning only when C> —273° or absolute zero. Likewise, the 
formulas for the solubility of a salt in water can have meaning 
only when the temperature and pressure are such that water is 
a liquid. 

The range of values for a scientific law is not necessarily con¬ 
tinuous. Thus a functional relation stating the highest tempera¬ 
ture t on each day n of a year has meaning only when n is a whole 
number. Here the range for n is the set of whole numbers from 1 
to 365 inclusive, and no intermediate values, i.e., fractional 
values, have meaning. The graph of a function such as this is 
merely a set of discrete points, and thus the graph is not contin¬ 
uous. If a curve is drawn through these points, it is merely to aid 
the eye in visualizing the law, for any points on the curve, other 
than those marked originally, are meaningless. Another example 
of a discontinuous graph occurs in the function which describes 
the density of a given substance as a function of the temperature. 
When the substance changes state from solid to liquid or from 
liquid to gas, the density is changed abruptly. The graph giving 
the density of water (Fig. 1, Chapter XVIII) shows three con¬ 
tinuous portions which are not joined together, and the graph is 
discontinuous at the melting point and boiling point. 

The data obtained from observing a phenomenon are usually 
discontinuous, but often we believe that as many observations 
as we wish could be made between any two observations that 
have been made. In this case, although the observations are 
actually discontinuous, we assume that in reality the phenomenon 
observed is behaving in a continuous way. Hence a continuous 
graph is drawn through the points which represent the observa¬ 
tions, and then it is assumed that intermediate points on the 
graph have meaning. 

EXERCISES 

1. What are the ranges of values for t, v, and .s in the equations of motion for a 
body falling vertically? 
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2. What are the ranges of values for F, and a in the equation for Newton's 
second law of motion? 

3. What are the ranges of the variables in Kepler’s third law of planetary- 
motion? What does the law state about a planet which is half as far from the 
Sun as the Earth is? 

4. Give an example of a method of observing a natural phenomenon which 
appears to give a continuous record of the phenomenon. Can we say that this 
record is continuous, or must we say that it appears to be continuous? 

TOPICS FOR SPECIAL STUDY 

1. The relations of mathematics and science. 

2. The limit concept. 

3. Non-linear empirical equations. 

4. The transcendental functions. 

5. Methods of graphing. 


REFERENCES 

Bell, E. T., The Handmaiden of the Sciences, The Williams and Wilkins Company, 
Baltimore, 1937. 

Cooley, H. R., Cans, D., Kline, M., and Wahlert, II. E., Introduction to Malhe- 
matics, Houghton Mifflin and Company, Boston, 1937, Part II and Chap¬ 
ter 21. 

Hogben, L., Mathematics for the Million, W. W. Norton and Company, New 
York, 1937, especially Chapter 1. 

Smith, P. F., Gale, A. S., and Neeley, J. H., New Analytic Geometry, Ginn and 
Company, New York, 1928, Chapters 3,10, 12. 



chapter XII 


The States of Matter 


All material substances may exist either as gas, liquid, or solid. 
These are the states of matter. In Chapter X the behavior of 
gases and, to some extent, liquids was examined; and it is now 
appropriate to inquire into the behavior of solids and to contrast 
the general nature of solids with that of liquids and gases. 

Inasmuch as all forms of matter are made up of molecules,’ 
the striking differences noted among the several states must be 
due to differen(!es in the arrangement of these fundamental 
building units and in the forces existing between them. According 
to modern theory, the states differ in both these respects; but 
since the discussion of position or arrangement of molecules 
pre,sents a “picture” for each state, it is this particular aspect 
that will be more emphasized in the present chapter. In order to 
explain the behavior of gases, it is assumed (p. 148) that they 
are composed of molecules in random motion and that their 
kinetic energy varies with the absolute temperature. It is further 
assumed that the free or empty space between molecules is very 
large in comparison with the actual volume of the molecules 
themselves. Such a state is one of complete disorder; the molecules 
dart about in a planless fashion with speeds of the order of a mile 
per second. The mean free path (distance between collisions) is 
about a thousand times the diameter of the molecule, under ordi¬ 
nary conditions. The forces of attraction between molecules in 
gases are so slight that they influence the behavior of the mole¬ 
cules only to a negligible extent. Nevertheless, they account for 
the fact that the gases may be liquefied (p. 199). 

In liquids the state of aggregation of molecules under ordinary 

1 The word molecule is used here in its broadest sense, thus including also atoms and ions 
that do not form part of what is ordinarily considered a molecule. 
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conditions is far closer than in gases. There is, however, still a 
limited amount of “free” space for communal use as the mole¬ 
cules dart from one collision to the next. Because of the close 
packing of molecules in the liquid, these encounters occur much 
more frequently than in a gas under the same conditions. The 
results of many experiments are best interpreted if one assumes 
that the molecules in liquids are no longer free to act independ¬ 
ently and distribute themselves at random, but that a semblance 
of order prevails, in which temporary clusters of molecules exist. 
The forces of cohesion between molecules in a liquid are ordinarily 



Fig. 1. INSTANTANEOUS POSITIONS OF MOLECULES OF THE SAME SUBSTANCE 
IN THE THREE DIFFERENT STATES AT THE SAME TEMPERATURE 




a, cross-section through an exceedingly small volume of gas showing random dis¬ 
tribution of molecules, b, cross-section through the same volume of this substance in 
the liquid state showing temporary clusters of molecules and much closer packing 
than in a. c, cross-section through the same vohlme of this substance in the solid 
state showing fixed positions of molecules and closest possible packing. 


much greater than in the corresponding gas, since these forces 
increase progressively with closer spacing. 

According to the prevailing theory of the solid state of aggrega¬ 
tion, the packing of molecules is generally even closer than in 
liquids, for almost all free space which would permit diffusion of 
molecules from one place to another is eliminated. A condition 
prevails wliich closely approximates complete order, and the 
molecules are arrayed at fixed points in a definite geometrical 
pattern. Their movement is restricted to oscillations about these 
mean positions, the frequency and the extent of oscillation vary¬ 
ing with the temperature. Attractive forces between molecules 
are not only greatest in the solid state (because of the close spac¬ 
ing), but these forces are also completely oriented, i.e., directed 
toward the immediate neighbor molecules. 

Figure 1 shows diagrammatically what an instantaneous photo¬ 
graph (magnified about fifty million times!) of molecules in the 
three states would look like. An instant later the molecules in 
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boxes a and 6 would occupy different positions; in h the cluster¬ 
ing would also be somewhat different; only in c would the posi¬ 
tions remain approximately the same. 

Characteristic Properties of Gases 

Gases fill completely any space made available to them; by this 
is meant that the molecules will spread out to occupy all the 
space in a container. While they are unique in this respect, it is 
a property that is not immediately obvious, since many gases are 
colorless and odorless and thus make little or no impression upon 
the senses. The absence of a free surface may be taken as an indi¬ 
cation that the molecules of gases spread uniformly in all direc¬ 
tions and that the final shape and volume are determined en¬ 
tirely by the walls of the container. 

Because they are very tenuous under most conditions, gases 
show only very slight inscosity, that is to say, they have very little 
resistance to flow. This is easily demonstrated by moving the 
hand through the air and noticing how slight is the resistance of 
the fluid. 

As has already been noted, the laws expressing the behavior 
of gases are relatively simple. Although gases of entirely differ¬ 
ent chemical composition are similarly influenced by changes of 
pressure and temperature, there is a wide range in the conditions 
that are required to bring them to the liquid state. Each gas has 
its own critical temperature, above which no amount of pressure 
will bring about liquefaction. At this and lower temperatures, 
and by applying the necessary pressure, a condition is reached 
where droplets of liquid form. This change of state, from gas to 
liquid, and its reverse require further discussion because of their 
importance in nature and everyday life. 

Change of State: Gas ^ Liquid 

In addition to the requirements stated above, energy (heat) 
must be removed in order to bring about liquefaction. If, for 
example, water vapor (steam) at one atmosphere pressure and 
101°C were placed in cool surroundings, the temperature would 
fall to 100°, whereupon droplets of liquid would form without 
further fall in. temperature. The temperature would remain at 
100° in spite of the cool surroundings, because the change of 
state, from gas to liquid, itself yields heat. This energy is lost to 
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the surroundings while the gas is liquefying. Not until the lique¬ 
faction ceases will the ordinary fall in temperature set in. Experi¬ 
ments have shown that for every gram of water vapor thus 
liquefied 540 calories of heat energy are evolved. The process 
is entirely reversible, and consequently we may employ double 
arrows in representing it: 

ioo°c 

Water vapor (steam) r -— liquid water +540 cals/g. 

Exactly the same amount of heat (540 calories) is required to 
vaporize 1 gram of liquid water at 100°. If water at 99° is 
warmed, the temperature rises to 100°; then there is no further 
rise while the water vaporizes or boils, and 540 calories of heat 
are absorbed for each gram so changed. Only after all the water 
becomes steam will the temperature go above 100°. The number 
of calories of heat required to change one gram of a liquid to gas is 
called the heat of vaporization. Each liquid has its own heat of 
vaporization; usually it is much smaller than for water. 

It is important to note that the change of state as portrayed 
above takes place at constant temperature (if the pressure is kept 
fixed) and that, at one and the same temperature, a given mass 
of a gas has a higher energy content than an equal mass of the 
liquid. This is explained by the attractive forces t,hat exist 
between molecules in the liquid; these can be overcome, and the 
molecules separated, only by doing work, i.e., by adding energy. 

The illustration chosen above to emphasize the characteristics 
of a change of state should not be interpreted to mean that only 
at 100°C can water vaporize or be liquefied. This temperature 
was uniquely determined (see vapor pressure below) by the fact 
that we chose to work in an atmosphere of 760 mm pressure. 
Water may evaporate and be condensed at all temperatures at 
which it can exist, that is, from its freezing point (0°C) to its 
critical temperature (374°C). 

The change of state, water vapor, is probably the most im¬ 
portant and widespread transition that takes place on this Earth. 
It occupies a position second only to the motion of the Earth in 
determining the conditions prevalent on it. Clouds, humidity, 
bodily comfort, rain, vegetation, our very existence on the Earth, 
all are dependent directly or indirectly upon this simple physical 
change. Many important practical processes are made possible 
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by this change of state; thus water is used to extinguish fires 
because it cools them, the latter effect being due chiefly to the 
heat absorbed in vaporizing the water. Steam heating plants 
utilize the same simple change: heat from the fire is stored as 
molecular energy in vaporizing the water in the boiler. Later 
this same heat of vaporization is released in the radiators where 
the vapor condenses. 

Modern refrigeration plants employ the same principle: vapor 
liquid + heat (Fig. 2). In essence they consist of two sections; 
one of these permits the for¬ 
ward change (heat evolved) 
to take place and the other 
the reverse. Since the system 
is closed, the same fluid goes 
through the cycle of com¬ 
pression, condensation (heat 
evolved), vaporization (heat vaporizing 
absorbed), and back to com- 

' ^ valve reservoir 

pression, over and over again. cooling warm 

When ammonia is used as Heat+liquld-^vapor Vapor-*-liquid+heat 

the fluid, the pressure in the Fig. 2. simplified diagram illus- 
right-hand section (Fig. 2) of principle involved in 

the system is kept at approx¬ 
imately 10 atmospheres, so that the cooling effect of the atmos¬ 
phere on the radiator will be sufficient to cause liquefaction. If 
the atmosphere and the radiator are at 25°C, it is necessary to 
have a pressure greater than 9.9 atmospheres, which is the vapor 
pressure of liquid ammonia at this temperature. The pressure in 
the left section is kept at about 1 atmosphere; and here the liquid 
vaporizes (backward change), absorbs heat from the surround¬ 
ings, and thus produces a cooling effect. Fundamentally, what 
happens in a refrigeration machine such as shown in Fig. 2 is 
that a fluid is kept in motion by a mechanically operated pump, 
and the heat absorbed in the left section is radiated into the 
atmosphere in the right. The fluids most commonly employed 
in these systems are: ammonia (b.p. — 33°C), sulfur dioxide 
(b.p. — 10°C), difluorodichloromethane (^Treon'’) (b.p. —30°C). 

The method employed in the liquefaction and refrigeration 
machine is satisfactory for the condensation of gases that can be 
liquefied by increasing their pressure at ordinary temperatures. 


Vapor 
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However, gases with critical temperatures below that of our 
surroundings can be liquefied only with difficulty. They must 
first be cooled below the critical temperature and then liquefied 
by applying pressure. While this is sound in principle, it is often 
difficult in practice. For example, nitrogen and oxygen, the chief 
components of air, have critical temperatures of — 147°C and 
— 118°C, respectively. Only in comparatively recent times has 
it been possible to attain such low' temperatures. By using an 
effect first observed by Joule and Thomson (1850), the two 



Fig. 3. apparatus for the liquefaction of air and other difficultly 

CONDENSABLE GASES 

problems, cooling and liquefaction, were solved simultaneously. 
The gas which was to be liquefied was made to cool itself by allow¬ 
ing it to expand. Thus its molecules did work against the feeble 
forces of cohesion. The energy for this work was supplied by the 
molecules themselves, and this resulted in a fall in temperature. 
A simplified sketch of the apparatus used commercially for the 
liquefaction of air and other gases that are difficult to condense 
is shown in Fig. 3. Except for the heat interchanger T and the 
injection of ordinary air into the system at A, it bears marked 
resemblance to the liquefier of Fig. 2. 

Ordinary air, from which water vapor, carbon dioxide, and 
dust have been removed, is compressed in several stages until the 
pressure is about 200 atmospheres. It then passes through the 
copper coil C immersed in cooling water. Here the air, which was 




THE STATES OF MATTER 


203 


warmed considerably in the process of compression, is cooled to 
approximately 15°C. Thence it passes through the copper coil 
C to the expansion valve V. This opens into the chamber L 
which is at a much lower pressure, almost atmospheric. The 
cooling (Joule-Thomson effect) takes place at this point, for the 
air expands some two hundredfold. The air, thus cooled, makes 
its way into the heat interchange chamber T and back to the 
compressor. While traversing the chamber T, the cold air cools 
the compressed air coming down through the coil C'. The lat¬ 
ter air is made still colder by expansion as it passes out through 
the valve V. In this way the cooling effect is made cumulative. 
Eventually the temperature in the heat interchanger drops so 
low that the pressure in coil C is sufficient to liquefy the air as it 
passes through. From then on, droplets of liquid air issue into L 
and collect as shown, ready to be tapped off at S. The walls of 
the heat interchanger and of the collecting vessel are constructed 
so as to reduce to a minimum the heat which leaks in. The liquid 
air tapped from this apparatus is at a temperature of about 

— 190°C. It is usually collected and stored in Dewar * flasks, 
which are designed to prevent heat from passing from the sur¬ 
roundings into the liquid air. 

This method of liquefying gases has opened up new avenues of 
research on the properties of materials, both living and inanimate, 
at very low temperatures. From the more practical side, liquid 
air furnishes, the chemical industry with its cheapest supply of 
pure nitrogen and provides also a source of pure oxygen. These, 
the two main components of air, may be separated by fractional 
distillation of the liquid air. Nitrogen has a boiling point of 

— 196°C and oxygen boils at — 182.5°C. 

Characteristic Properties of Liquids 

One notable difference between gases and liquids is that the 
laws describing the behavior of liquids are not nearly so general 
as those for gases, which means that the characteristics of liquids 
are less predictable. This results from the closer state of packing 
of the molecules in the liquid state as well as their energy content. 

^ These flasks are more familiar under the trade name of “Thermos.” They are double* 
walled glass vessels with the space between walls highly evacuated to prevent conduction 
of heat to the contents of the vessel. As an additional precaution against heat finding its 
way in through the walls, their inner surfaces are silvered to reflect radiations from the 
outside. 
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At these shortened distances, intennolecular forces are more 
pronounced * and are responsible for the cohesion which gives to 
liquids a free surface. That the distance between molecules in 
the liquid is much less than in the gaseous state under ordinary 
pressure becomes apparent when we observe that 1 ml of water 
at 100°C becomes, when converted to steam, 1700 ml. Unlike 
gases, which also possess no definite shape or rigidity, liquids do 
have a definite volume under given conditions, that is to say, they 
do not automatically and completely fill any container into which 
they are put. Their surfaces arc held intact by very considerable 
forces of attraction from molecules within the liquid. These same 
cohesive forces also give liquids greater viscosity or “internal 
friction” than gases. The close proximity of molecules in liquids 
results in a lower compressibility and thermal expansion than is 
observed in gases. Values for the coefficients of thermal expan¬ 
sion (fractional expansion per degree) of several typical liquids 
are compared with those of gases and solids in Table I. 


TABLE I 

COEFFICIENT OF VOLUME EXPANSION 

(per degree centigrade) 


All Gases (0®C) 

^ or 3.00 X 10-3 


LIQUIDS 

Water 

Mercury 

(average value for temperatures between 0° and 40°C) 

1.9 X 10-< Alcohol 1.1 X 10-’ 

1.8 X 10-‘ Ether 1.6 X 10 > 


SOLIDS 





Diamond 

3.5 X 10-« 

Copper 

4.2 X 10~» 


Platinum 

2.6 X 10-» 

Quartz 

1.7 X 10“« 




(fused) 



Iron 

3.5 X 10-* 

Ice 

1.1 X 10-* 


“Pyrex” 

1 X 

Ordinary 

3 X 10“^ 


glass 


glass 



Ultra-Low Expansion Glass (“Pyrex Vycor”) 

2.4 X 10~« 



Other properties characteristic of liquids are that they possess 
definite freezing and boiling points under fixed conditions and also 
have definite vapor pressures. The first concerns the change of 
state: solid ^ liquid and will be considered in the next section. 

^ Intermolecular attractive forces yary approximately as the inverse sixth power of the 
distance. 
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The latter two are particular cases of the change of state: liquid 
^ vapor, as the following will show. 

The tendency for molecules of liquids to escape is known as 
evaporation. If this occurs in a previously evacuated vessel, the 
molecules escape from the liquid and gradually increase their 
concentration in the space above it until no further evaporation 
seems'to take place and a gauge attached to the vessel shows a 
definite and constant pressure for 
the vapor. This is called the vapor n 
pressure of the liquid and is a meas- ♦-► Normal height 

ure of its escaping tendency at the ; pressurV^hJ^id 

particular temperature of the expert- ' V' f.- 

ment. It is thought that a condition r I 

of equilibrium exists at the surface of - > _ 

the liquid. The concentration, and [ ■ 

therefore the pressure, of the gaseous : ' r-.;; 

molecules in the vapor space is such - ;; -/ 

that they strike the surface of the : i' -". 

liquid and plunge in just as fre- : 

quently as molecules of the liquid : /^.-pipettetor 

tear themselves loose from the sur- 
face and surge into the vapor space. 

Since it is not possible to see the in- / \ 

dividual molecules, this dynamic sit- fig. 4 . mercury baro- 
uation, in which there are two op- meter used to measure vapor 

posing actions which result in an ^hc space above the liquid 

equal interchange of molecules, might contains vaporized molecules in 
1 • i 1 r Ti‘ p dynamic equilibrium with those 

easily be mistaken for a condition ot the liquid, 
rest if it were not for the fact that, 

by altering the conditions, one of the actions is favored over the 
other. This is immediately signalled as an increase or decrease 


“Pipette for 
introducing 
liquid 


Fig. 4. mercury baro¬ 
meter USED TO MEASURE VAPOR 
PRESSURE OF A LIQUID 

The space above the liquid 
contains vaporized molecules in 
dynamic equilibrium with those 
in the liquid. 


in pressure. 

A convenient apparatus for measuring vapor pressures of 
liquids requires only a mercury barometer (Fig. 4) and a small 
glass tube for introducing drops of liquid into the barometric 
vacuum. The barometer is first read in the ordinary way; and 
then a drop of liquid is introduced, which rises to the surface of 
the mercury and begins to evaporate. Just enough liquid is used 
to leave a trace in excess. The fall in the column of mercury is 
due to the pressure produced by the molecules of the liquid that 





206 


PHYSICAL SCIENCE 


have passed into the gaseous state. We may study the influence 
of temperature upon the vapor pressure of the liquid by provid¬ 
ing a heating jacket for the barometer in such a way that the 
temperature of the whole apparatus may be carefully controlled. 
As the temperature is raised, the kinetic energy of the molecules 
is increased and hence also their velocity in both liquid and gas 
space. On the one hand, this should make escape of molecules 
from the liquid easier; and, on the other, it should increase the 
pressure of the gas and therefore the number of molecules plung¬ 
ing back. The two pro(!esscs are not affected to the same extent 
by the rise in temperature, and, for a short time, more molecules 
will escape than return. But this results in an increase in the 
number of molecules in the vapor space; it also results in an 
increased number of collisions among these molecules and in¬ 
creases the number that bounce back into the liquid. When 
the latter number just equals the number escaping, a condition of 
equilibrium is again established, and the increased vapor pressure 
corresponds to the increased temperature. If water is the liquid 
under experiment, the equilibrium H 20 (ii„.) HaOjgas) has been 
shifted to the right, meaning thereby that there is now a higher 
concentration of water molecules in the gas space than formerly. 
Table II gives the results of some experiments with water. 


TABLE II 

VAPOR PRESSURES OF WATER 


Temperature (°C) 

Vapor Pressure {mm) 

Temperature (°C) 

Vapor Pressure (mw) 

— 5^^ (ice) 

3.0 



0 

4.6 

21° 

18.5 

5 

6.5 

22 

19.7 

10 

9.2 

23 

20.9 

15 

12,7 

24 

22.2 

16 

13.5 

25 

23.6 

17 

14.4 

30 

31.5 

18 

15.4 

35 

41.8 

19 

16.3 

40 

55.3 

20 

17.4 

100 

760.0 


Readings taken with liquid water at all intermediate tempera¬ 
tures show that the relationship which exists between vapor 
pressure ^ and temperature can be represented on a graph as a 
continuous function (Fig. 5). 

^ Vapor pressure of water is often given the special name aqueous tension. 
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Evaporation of a liquid takes place at any temperature at 
which the liquid is capable of existing. This is because there are 
always present some molecules with the necessary velocity, and 
therefore kinetic energy, to break through the surface and escape. 
There is, however, a particularly rapid evaporation, (tailed boiling, 
that deserves more than passing notice. Its obvious physical 
accompaniment is ebullition, or the formation of bubbles made 


up of vapor of the liquid. These 
bubbles cannot form in a liquid 
until its temperature is such that 
the vapor pressure has become 
just slightly greater than the 
pressure of the atmosphere. Only 
then will a bubble not collapse 
as the result of the pressure of 
the surrounding liquid, which is 
itself under the influence of the 
atmosphere. Once formed, bub¬ 
bles rise because the vapor is less 
dense than the liquid in which it 
is suspended. At the surface the 
buoyant force on the bubble may 
be sufficient to allow it to break 
through against surface forces. 
Thus the vapor in the bubble 
joins the surrounding atmos¬ 
phere, and the more numerous 
the bubbles the more rapidly 
does the liquid evaporate. 

From the foregoing, it is clear 



0 25 50 75 100 


Temperature in degrees centigrade 

Fig. 5. the eelationship be¬ 
tween THE VAPOK PRESSURE OP 
WATER AND ITS TEMPERATURE 


that bubbling or boiling of a 

liquid should ensue when the temperature has been raised to a point 
which makes the vapor pressure of the liquid just slightly greater 
than the pressure of the atmosphere in which the liquid is kept. 
This temperature will, of course, vary from liquid to liquid and is 
called the boiling point. Water acquires a vapor pressure of 


760 mm or 1 atmosphere at 100°C. 

A knowledge of the vapor pressure of water is important in the 
study of weather conditions, since this pressure represents the 
maximum (saturated) concentration of water molecules that can 
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exist in the atmosphere at a particular temperature. Relative 
humidity is a measure of the extent to which the atmosphere 
approaches this state of saturation. It is therefore an important 
factor in determining the rate of evaporation of water under a 
given set of conditions. The more nearly the atmosphere ap¬ 
proaches saturation, or in other words, the higher the relative 
humidity, the slower will be the evaporation of water. All indus¬ 
tries concerned with the drying of wet materials are interested 
in maintaining low humidities in order to speed up the drying 
process. Our own body temperature is regulated partly by evapo¬ 
ration of water from the skin, which accounts for the discomfort 
that is felt on a warm day when the relative humidity is high and 
the rate of evaporation slow. In modern air-conditioning plants, 
the humidity may be reduced by passing the air through absorbers, 
in which, by a chemical reaction, water molecules are removed. 
Water may also be condensed or frozen out of air by passing the 
latter over the cooling coils of a refrigerating system (p. 201). 
On the other hand, to increase the humidity of a given sample of 
gas or air, water is usually sprayed through it. 

The measurement of the relative humidity of a particular 
sample of air or any other gas may be carried out in a number of 
ways. One of the simplest is to note the dew point, or temperature 
at which, upon cooling, mist or dew will form in the sample. The 
vapor pressure of water corresponding to this temperature may 
be found from Fig. 5. This represents the vapor pressure of water 
in the original sample. From the same graph one may read the 
pressure of water vapor that would have existed in the sample 
had it been saturated at its original temperature. The ratio of 
the former to the latter pressure is the relative humidity. It is 
usually expressed in percent. 

Example. Suppose a sample of air, originally at 20°C, must bo cooled to 5° 
before dew forms. What is the relative humidity? 

Solution. Since the sample had to be cooled to 5° to saturate it, the pressure of 
the water in it must have been 6.5 mm. At 20° the maximum pressure of water 
that might liave existed (= vapor pressure) is 17.4 mm. The ratio, or relative 
6.5 

humidity, is therefore = 0.37, or 37%. 

Change of State: Liquid ^ Solid 

This change, like the one between liquid and vapor, takes place 
at a fixed temperature (when the pressure is specified) known as 
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the freezing or melting point. It is likewise accompanied by a 
very definite energy transfer called the heat of fusion. The latter 
is defined as the number of calories of heat required to melt 1 gram of 
a solid at its melting point. In the case of water under atmospheric 
pressure the transition takes place at 0°C, and 80 calories are 
required to melt each gram of ice. 

o®c 

Water :^===^ ice + 80cals/g. 

Energy must apparently be introduced into a solid in order to 
melt it. That this should be so might be surmised from the fact 
that liquids are usually less dense, and the molecules always more 
mobile, than the corresponding solids. Consequently, in melting, 
work must be done in separating the molecules against the forces 
of attraction existing in the solid, and additional energy must be 
supplied to speed up the molecules so separated. 

The concepts discussed above may, perhaps, be made clearer 
by considering a specific example. How many calories of heat 
shall we need to remove from 6 g of water at 4°C in order to 
change it to ice at —4°? To begin with, the specific heats of water 
and ice must be known. They are approximately 1 cal/g and 0.5 
cal/g, respectively. To cool the 6 g of water to 0° requires the 
removal of 6 X 1 X 4 = 24 cals of heat. In spite of the continued 
abstraction of heat, the temperature will riot fall below 0° until 
all of the water has been converted to ice; this change of state 
requires the removal of 80 cal/g, or a total of 480 cals for the 6 g. 
Once frozen, the 0 g of ice may be lowered to a temperature of 
— 4° by removing 6 X 0.5 X 4 = 12 more cals of heat. The 
complete process requires the withdrawal of 510 cals of heat, 
480 of which were concerned with changing the state. Obviously, 
the same quantity of heat would need to be introduced in order to 
reverse the process. 

Changes from liquid to solid, and the reverse, arc extremely im¬ 
portant in nature and in industry. Climate and weather (Chapter 
XIII) and rock formation (Chapter XXV) are natural phenomena 
closely related to this change of state. Most metallurgical opera¬ 
tions (Chapter XXI) involve melting and freezing, and the manu¬ 
facture of glass also depends on these changes. Even the building 
of our own skeletons waits on gradual changes of state, as matter 
in the liquid state in tha blood stream is slowly laid down as solid 
crystalline bone. 
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Characteristic Properties of Solids 

As has already been mentioned, one of the main distinctions 
between solids and liquids is that of “free” space between the 
molecules. In the former this is almost wholly lacking, the only 
space being about equal to that which is inevitably left even when 
spherical or nearly spherical objects are packed as closely as is 
possible. When molecules are thus packed, the attractive forces 




I. CUBIC 

(all angles 90°) 


- 71 



IV. ORTHORHOMBIC 

(all angles 90°) 


II. TETRAGONAL 

(all angles 90°) 



a 


90°, 


III. HEXAGONAL 

(sides at 90° to base) 



VI. TRICLINIC 

(angles e, f, h are 
unequal) 


CRYSTAL SYSTEMS 


V. MONOCLINIC 
(angles / and h = 
angle e 90°) 

Fig. 6. simple forms of the six 


are sufficient to lock or “freeze” them into definite positions in an 
aggregate which, unlike gases or hquids, is rigid and crystalline. 
Solids do not conform to the shape or size of a containing vessel, 
nor are they nearly as much affected by changes in temperature 
(Table I) or pressure as are liquids or gases. 

Crystallinity is the outstanding .physical property of all true 
solids. In this condition matter is often bounded by plane faces, 
so oriented, one with respect to the others, as to produce a con¬ 
siderable degree of symmetry. The reader is probably already 
familiar with the symmetrical nature of such solids as ice (see 
frontispiece), salt, and sugar (rock candy). Each of these, as also 
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all other solids, possesses its own symmetry characteristics and 
interfacial angles. We may often identify a particular solid by 
these physical properties alone.' Although there are many differ¬ 
ent types of crystals (32 to be exact), corresponding to the various 
combinations of symmetry which the faces may possess, all 
crystals may be said to belong to one or the other of six systems, 
representatives of which are shown in Fig. 6. 

Of all natural objects, crystals are among the most symmetrical; 
and it was long ago conjectured by crystallographers (Fig. 7) 
that the outer macroscopic 
symmetry exhibited by crys¬ 
tals was merely a manifesta¬ 
tion of the orderly arrange¬ 
ment of invisible units. These 
they supposed were the atoms, 
ions, or molecules of the sub¬ 
stance that made up the solid 
in bulk. They thus developed 
what is known as the lattice 
theory of structure in solids. 

If we build up a symmetrical, 
three-dimensional lattice work 
and then assume that atoms, 
ions, or molecules may occupy 
positions at the various junc¬ 
tions of the lattice, we see 
that parallel sets of planes 
may be passed through the array in such a way that all of the 
atoms will lie on some of these planes. It was thought that 
the planes that were most densely populated with atoms deter¬ 
mined the prominent faces of the crystal, the.se faces being, 
necessarily, made up of many millions of atoms in orderly array. 
This theory explained many facts but was not confirmed until 
1912, when an important discovery was made by the German 
physicist, von Laue. He proposed to use the “molecular lattices” 
as a means of diffracting X-rays. The immediate success of these 

^ There are a number of rather rigid substances, such as glass and pitch, that appear on 
casual inspection to be solids. Careful examination, however, demonstrates the absence of 
all crystalline form; other physical properties also indicate that these substances are merely 
pseudo-solids. Actually they behave like extremely viscous liquids whose fluidity gradually 
increases with temperature. 



A model of the arrangement of ions in 
common salt NaCl. Made from knitting 
needles and balls of red and blue yarn by 
Alexander Crum Brown, Professor of 
Chemistry at the University of Edinburgh, 
1869-1908. (See also Fig. 8.) 
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experiments not only confirmed the lattice theory of solids but 
also established more firmly our knowledge of X-rays. The 
method of X-ray analysis suggested by von Laue has given much 



L 


Fig. 8 Fig. 9 

Spatial arningement of so- The arrangement of atoms in 

dium (dark) and chlorine ions zinc sulfide. Zinc atoms are 

(light) in common vsalt. Mag- shown as dark spheres, sulfur 

nification is approximately atoms light. The whole array 

100 million-fold. The cubic builds up into a regular tetra- 

symmetry is easily discerned. hedron. 



^ . i ri 

Fig. 10 . Fig. 11 

Carbon atoms are arranged or; a The carbon atoms in graphite form 

cubic lattice in diamond. a hexagonal network. 

information regarding the sizes of atoms and molecules as they 
exist in the solid state. 

The interpretation of the results of X-ray diffraction studies 
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is often an arduous task. What is sought is a physical picture of 
the arrangement of atoms or molecules on a lattice so that the 
X-ray diffraction effects may be explained in terms of the picture. 
It has been possible to analyze and describe structures for thou¬ 
sands of solids by this method. A few typical networks are given 
in Figs. 8-11.^ Notice that the atoms are represented as if they 
were spherical. This supposition is not far from correct in most 
cases; at least it may be said that the “region of influence” of the 
nucleus plus electrons in most atoms is practically spherical. 

Rigidity, i.e., hardness or ability to resist deformation, is a 
property generally possessed by solids. It is, however, only a 
qualitative criterion, since a number of true solids, e.g., crystal¬ 
line waxes and graphite, are much softer than glass, which, as 
mentioned before, should be considered a liquid. Rigidity is 
indicative of the fact that strong repulsive forces coexist with the 
strong cohesive forces between atoms or molecules in solids, else 
the latter would be more easily deformed when subjected to 
stress. The low thermal expansion (Table I) noticed in most 
solids points to the existence of strong cohesive forces which 
resist dilation of the lattice. It is the interaction and the balanc¬ 
ing of these opposing forces that results in the arrangements and 
the interatomic and intermolecular distances existing in solids. 

A study of Table I brings out the differences that exist among 
typical substances in respect to thermal expansion. The latter is 
measured in terms of the coefficient of volume expansion, which 
gives the fractional change in volume resulting from a 1° change 
in the centigrade temperature. Although most solids expand 
relatively little with rise in temperature, the phenomenon is one 
that must often be reckoned with, particularly in the expansion 
of rails, bridges, engine parts, and pipe lines (Fig. 12). Unequal 
volume expansion in rocks is an important factor in the geologic 
process known as “weathering” (Chapter XXVI). “Pyrex” glass 
cracks less readily than does ordinary glass when quickly cooled. 
Ultra-low expansion glass (“Pyrex Vycor”) and fused quartz are in 
turn more resistant to cracking than is “Pyrex.” This behavior 
parallels the differences noted in the coefficients of expansion. 
When all four are subjected to the same rapid cooling, the greatest 
stresses are set up in the ordinary glass, for it would ordinarily 

* These photograjihs wore prepared from crystal models made under the direction of 
Sir William Bragg and Professor W. L. Bragg and are reproduced through the courtesy of 
Adam Hilger, Ltd., London. 
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undergo the greatest change in volume due to the change in tem¬ 
perature. As the outside of the glass cools it tends to shrink, but 
the inside, still hot, retains its original bulk. Thus stresses are 
iset up which often result in fracturing the glass. 



Fig. 12. expansion loops on pipe lines 


These loops provide the necessary “give and take” with changes 
in temperature. On superheated steam lines there may be as 
much as 5" of change per 100' of line. Courtesy of Texas Gulf 
Sulfur Co. 


From what has been said about, rigidity of solid substances as 
a whole, it should not be inferred that the atoms in the solid are 
themselves immobile. There are experimental and other reasons 
for believing that the atoms undergo a restricted, but constant, 
vibratory motion about mean positions. This is analogous to the 
picture we have drawn of the gaseous and liquid states, except 
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that in solids the moving particles are restricted to slight excur¬ 
sions and are therefore practically fixed. 

It should be obvious from what has been presented in a previous 
section (p. 209) that a definite melting point and hsat of fusion are 
also characteristic of the solid state of aggregation. At the tem¬ 
perature of the melting point and after the heat of fusion has been 
supplied them, the atoms or molecules have sufficient kinetic 
energy (heat motion) to cause a rupture of most of the bonds of 
attraction that previously existed. As the solid melts, marked 
changes occur in density (p. 315), specific heat, conductivity, 
viscosity, and other physical properties. Such abrupt changes 
are absent in pseudo-solids (glass, pitch, etc.); they have no 
definite melting point and merely become progressively less 
viscous as their temperature is raised. 

Change of State: Solid ?=i Gas 

This transition is often referred to as sublimation. It is really 
"evaporation” at a temperature at which the liquid state of a 
particular substance does not ex¬ 
ist. It is accompanied, like the 
other changes of state considered 
in this chapter, by a definite heat 
of sublimation. This is equal to the 
sum of the heats of fusion and 
evaporation for a particular sub¬ 
stance, since, as will be seen from 
Fig. 13, we have merely taken a 
short-cut to the vapor state and 
the amount of energy required to 
change molecules from the solid to the gaseous state of aggrega¬ 
tion should be the same irrespective of the path. 

Sublimation is observed less frequently than the other changes 
of state because solids generally have very low vapor pressures; 
nevertheless, it is of major importance in the economy of nature. 
In colder climates, where the temperature remains for long periods 
below the freezing point of water, much snow and ice pass directly 
from the solid to the vapor state. Snow itself is a, product of the 
reverse process, a crystallization of water vapor at a temperatm*e 
below the freezing point, so that no liquid forms as an interme¬ 
diary. 


GAS 



Melting 

Fig. 13. changes of state 
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Solid carbon dioxide (“Dry Ice”), a very useful addition to 
modern refrigerating methods, is now made on a large scale by 
employing the Joule-Thomson effect (p. 202). This refrigerant 
owes its effectiveness to sublimation. The curves shown in Fig. 14 
are similar to the one in Fig. 5, except that here the vapor pres¬ 
sures of solid and liquid carbon dioxide are plotted. Note that if 
gaseous carbon dioxide at 1 atmosphere pressure and 25°C (the 



Temperature 
in degrees centigrade 

Fig. 14. the sublimation (BD) and vaporization (DE) curves for carbon 

DIOXIDE 

point marked A) is cooled, its condition may be represented by 
points along the dotted line, moving progressively to the left. 
At —79° (point C) the sublimation curve is encountered; it indi¬ 
cates the conditions under which solid and gaseous carbon dioxide 
can coexist. If now, by further abstraction of heat, the heat of 
sublimation is removed, the gas will turn solid. The reverse of 
this happens when the solid is employed for cooling purposes. It 
may be assumed that the solid is at —85° when obtained. Its 
vapor pressure will be that represented by the point B on the 
solid-vapor curve. As heat flows into the solid from the surround¬ 
ings, its temperature rises and so does the vapor pressure (follow 
the curve from B to C). At (7 the escaping pressure of the solid 
is 1 atmosphere. There now exists a situation very similar to that 
found in a liquid at its boiling point (p. 207). Additional heat 
flowing into the solid carbon dioxide causes it to sublime away 
without change in temperature. The latter does not rise because 
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the escaping pressure cannot mount beyond one atmosphere, 
that of the environment. Thus the heat of sublimation is con¬ 
tinually absorbed from the surroundings, and yet no liquid with 
its attendant messiness results. The cold gas formed is in itself 
an excellent cooling agent ( —79°C). 

Figure 14 shows a few additional facts of general interest. It 
reminds us that liquid carbon dioxide does not exist above 31°C, 
the critical temperature, and that the liquid in the tanks behind 
soda counters must have a high vapor pressure (about .56 atmos¬ 
pheres at ordinary temperature, 20°); the latter is found by ex¬ 
tending the ordinate through A upward to meet DE. D is the 
melting point of solid carbon dioxide ( — 56°). The pressure here 
is 5.3 atmospheres. 

The Molecular View of Matter 

In this chapter we have extended our conception of the molec¬ 
ular constitution of matter to include solids. .Just as the kinetic- 
molecular hypothesis permitted us to explain the properties of 
gases (p. 176), so also does it help in understanding the behavior 
of liquids and solids. The differences found in the three separate 
states are accounted for by variations in (1) closeness of packing, 
(2) mutual arrangement of atoms and molecules, and (3) the 
intermolecular forces. In later chapters we shall find yet another 
important application of the molecular idea, its use in interpreting 
the nature of chemical reactions. Not only has this hypothesis 
explained many experimental facts, but it has also become a 
powerful tool for prediction. In fact we are so certain of the 
correctness of these views that any observation which seemed 
contrary to them would immediately be subjected to the closest 
scrutiny. The molecular concept is thus seen to be one of the 
most fundamental in all of science; it encompasses all the states 
in which matter may be found. 

EXERCISES 

1. Draw up a table so as to compare and contrast the gaseous, liquid, and 
solid states of aggregation in respect to (a) randomness of distribution of mole¬ 
cules, (b) free space, (c) forces of attraction between molecules. 

2. Make a three-columned table in which you list the characteristic proper¬ 
ties of gases, liquids, and solids. Place related properties for the three cases 
opposite one another. 

3. Make a drawing of the simplest possible device that would enable you to 
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freeze some water with the aid of liquid sulfur dioxide. Tell how and why it 
works. 

4. In the experiment on vapor pressures of liquids (Fig, 4), why would the 
measurement be unreliable if the drop of liquid introduced into the barometric 
vacuum was so small that it evafx)rated completely? 

5. From the curve of Fig. 4, estimate the boiling point of water in an environ¬ 
ment whose pressure is: 300 mm; GOO mm. 

6. Write out, brie%, a set of directions for determining the density of a 
liquid. 

7. Offer an explanation for the fact that diffusion (penetration of one sub¬ 
stance into or through another) ordinarily takes place rapidly in gases, more 
slowly in liquids, and very slowly in solids. 

8. How many calories of heat are required to convert 10 g of ice at —10*^0 to 
steam at 110°? Explain each step. (The specific heat of steam is approximately 
0.4 cal/g.) 

9. Consult Table I and pick out the substance which, frcwn the viewpoint of 
expansion, seems to be best suited for use as the mobile element (liquid) in a 
thermometer. Also, which substance would be best suited as a housing for the 
liquid? Give reasons for your choices and indicate whether they would be 
practical. 

10. In many cases of expansion, the extension in one direction—linear ex¬ 
pansion—is all that is important. The linear-expansion coefficient for steel is 
1.1 X 10“^ per °C. This is the increase in length per unit length per degree rise 
in the centigrade temperature. Thus a 30-foot steel rail (measured at 5°C) will 
be 30 X 1.1 X 10"® X 30 feet longer on a warm day (35°) in summer than it 
was when originally measured. What is the length of the rail on the warm day? 
If a suspension bridge is 1 mile between piers and the roadway is of steel, how 
much provision (distance) must be made for expansion if the limits of tempera¬ 
ture are as just mentioned in the case of the rail? 

11. Which is better for making cooking utensils: “Pyrex” or ordinary glass? 
Why? 
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Chapter XIII 


The Atmosphere and the Weather 


The climate is the most important factor in determining what 
types of plant and animal life shall inhabit a given region. Cli¬ 
mate also controls the activities of man in many ways but espe¬ 
cially in his methods of winning a livelihood. If we contrast the 
plants, animals, landscapes, and occupations that prevail in tem¬ 
perate regions with those of equatorial and sub-polar areas, the 
sharpest differences will be observed; and most of them result 
directly from the climate. 

Climate may be defined as the sum-total of weather conditions 
through a series of years. Weather is the condition of the atmosphere 
with respect to its temperature, pressure, movement, and moisture 
content at a given time. Inasmuch as the atmosphere is a gaseous 
envelope, the study of weather resolves itself largely into an ex¬ 
amination of the laws that control the behavior of gases. With 
most of these laws we are already familiar. The difficulties that 
arise in studying weather spring from the same cause that makes 
the prediction of tomorrow’s weather uncertain; it is this: the 
changes that take place within the atmosphere are mutually and 
complexly interrelated with several variable factors. For instance, 
when the direction of the wind shifts, there may be, and usually 
is, a change in temperature, pressure, and moisture. On the other 
hand, the new w'ind direction itself may have resulted from 
changes in pressure or temperature. 

The Atmosphere 

Air is a mixture in which the most abundant components are 
nitrogen and oxygen. Another ingredient is carbon dioxide; its 
importance is much greater (p. 422) than would be expected from 
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its relatively small percentage in the atmosphere. Dry air at 
sea level has the following composition by volume: 


Nitrogen 78.03% 

Oxygen 20.99 

Carbon dioxide 0.03 

Other gases 0.95 


The relative amounts of these substances may differ at high 
altitudes, but the differences need not concern the present dis¬ 
cussion. In addition to the components listed above, the air 
always contains water vapor and dust in quantities that fluctuate 
as conditions change. 

Because gases are readily compressed and because the Earth 
has a gravitative attraction for the atmosphere, the air at sea 
level is relatively dense; on high mountain peaks it is much thinner. 
The atmosphere extends upward for several hundred miles, but 
the air in the higher levels is extremely diffuse. Because of the 
increase of pressure, and therefore density, with “depth,” over 
one half of the total mass of the atmosphere lies within three and 
a half miles of the Earth’s surface. 

Temperature 

The atmosphere owes practically all its heat to the Sun, but 

the heat is gathered in different 
ways. Some heat is absorbed di¬ 
rectly from the Sun’s rays as 
they pass through the air, some 
is obtained from the light that 
is reflected from the Earth, and 
much from heat that is radiated 
from the Earth’s surface—solar 
energy that is received in the 
form of light and surrendered as 
heat. The principal factors that 
control air temperature are lati-, 
tude, altitude, and season of the 
year. Other things being equal, 
temperature is highest where the 
Sun’s rays are perpendicular to 
the Earth’s surface and least where the angle of incidence is small. 
In Fig. 1 the solar energy is represented by equally spaced parallel 



Fig. 1. THE EFFECT OF THE IN¬ 
CLINATION OF THE sun’s rays 


Solar energy is represented as a series 
of equally .spaced, parallel rays. At A 
the rays pass through a thinner layer of 
atmosphere than at B. Their points of 
incidence lie closer at A than at B. 
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“rays.” At A the points of incidence of these rays are close to¬ 
gether; at remote latitudes they become widely separated. Con¬ 
sequently, in the region of vertical sunshine, the surface of the 
Earth will receive more energy and hence have more to return to 
the adjacent atmosphere by radiation. Changes of temperature 
are controlled by the revolution and rotation of the Earth, factors 
which have been described in Chapter III. 

When air is heated it expands; the decrease in density with 
respect to the surrounding air results in the rising of the heated 
mass. Conversely, air that is cooled becomes denser and tends to 
sink to lower levels, thereby pushing aside the air that it displaces. 
On weather maps, temperatures are indicated by isotherms, 
lines drawn through those points which at the same time have the 
same air temperature. 

Pressure 

The fundamental laws that set forth the interrelationship of 
pressure, temperature, and volume of gases have been stated in 
Chapter X. The laws apply e(iually to large and small quantities 
of gas, but in dealing with the atmosphere it is necessary to re¬ 
member that the atmosphere is not confined within a closed con¬ 
tainer. Furthermore, it is to be emphasized that the density of 
air and the pressure that it exerts vary with altitude. 

Normal pressure at sea level is the same as the “standard” 
condition of the laboratory, that is to say, equal to the pressure 
of 760 mm of mercury. In other words, a column of mercury 76 
cm high would just balance a column of air extending from sea 
level to the top of the atmosphere. Mercury barometers are 
commonly used to measure atmospheric pressures, but in this 
country they are usually graduated in inches and hundredths of 
an inch instead of metric units. Normal atmospheric pressure, 
760 mm, equals 29.92 inches. This pressure may also be termed 
one atmosphere. A more recent unit, the bar, is gradually being 
adopted. The bar is equal to 1 ,000,000 dynes per square centi¬ 
meter. It is divided into 1,000 sub-units called millibars.^ The 
bar has the advantage that it is a unit of pressure, and not merely 
a length. 

When for any reason the pressure of a given portion of the at- 

■ ‘One bar (1,000 millibars) is the equivalent of 750 mm or 29.63 inches of mercury. 
760 mm (29.92 inches) of mercury are equivalent to 1013 millibars. 
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mosphere becomes greater than the pressure of the air beside it, 
there is a tendency for the pressures to be equalized by an out¬ 
ward movement of the denser air. Conversely, regions of low 
pressure give rise to an inward movement of the surrounding air 
of higher pressures. On weather maps pressure distribution is 
indicated by isobars, lines drawn through the points which, at 
the same time, display the same pressure. For all regions the 
isobars are drawn through points which have the same pressure 
after the pressures have been adjusted to their sea level values. 
In other words, allowance is made for the decrease in density of 
air that lies above sea level. If this were not done, weather maps 
of the United States would indicate perpetual zones of low pres¬ 
sure over the mountains and high plateaus. 

Humidity 

The atmosphere plays the role of a temporary storage reservoir 
for water (see Fig. 1, Chapter XIV). It receives moisture from the 
oceans and the lands through the process of evaporation and re¬ 
turns it in the form of rain, snow, and other types of precipitation. 
The moisture content of the air is termed humidity (p. 208). No 
air is absolutely dry, not even in the desert. The actual amount 
of water vapor in a body of air, the absolute humidity, is com¬ 
monly given in grams of water per cubic meter of air. Air that 
contains the maximum amount of water vapor at a given tem¬ 
perature is said to be saturated, but the actual quantity of water 
in saturated air depends upon the temperature. At 20°C a 
cubic meter of saturated air contains over 17 grams of water 
vapor. At 10°C only 9.3 grams of water vapor would be present 
in the same volume of saturated air, while at 30°C the water vapor 
amounts to 30 grams. At the temperatures which ordinarily pre¬ 
vail at the surface of the Earth, the capacity for air to hold water 
vapor is approximately doubled for each rise of 10°C. In weather 
reports and most meteorological work, air moisture is stated as 
relative humidity. If moisture is neither added to nor removed 
from a given body of air, the relative humidity rises as the tem¬ 
perature becomes lower and decreases with increasing temperature. 

Precipitation 

Moisture condenses from the air when the temperature falls 
below the point where the air becomes saturated. Water con- 
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densed from the atmosphere may take the form of dew, frost, 
clouds, fog, rain, snow, or hail, depending upon the circumstances 
under which the condensation takes place. 

Dew is moisture that collects on the exposed surfaces of solid 
objects when the surrounding air is cooled sufficiently to cause 
condensation. This process normally takes pla(!e at night, when 
part of the heat that has been absorbed during the day is being lost 
through radiation. The loss of heat due to radiation is much faster 
in solids than in gases, hence the air that lies close to the ground 
is cooled to a lower temperature than the air at slightly higher 
levels. For dew to form, not only is it necessary that the air be 
cooled enough for moisture to condense, but also the air must be 
calm, for if it is stirred up by shifting currents, the coohng effect 
will be distributed through too great a mass of air to be effective. 
The temperature at which dew forms is known as the dew point 
(p. 208) and depends upon the humidity of the air that is being 
cooled. The dew point can be determined experimentally by 
stirring a mixture of ice and warm water in a thin-walled silver 
cup until beads of moisture appear on the outside of the vessel. 
The temperature reading of the water in the cup at the instant 
when the beads of moisture first appear will be the dew point for 
the air at the place where the experiment is performed. Silver is 
selected because it is an excellent conductor of heat, and so its 
temperature corresponds to the temperature of the liquid within. 

When the condensation temperature lies below the freezing 
point of water, moisture is precipitated as ice crystals, and the 
resulting phenomenon is known as frost. It is to be emphasized 
that the formation of frost involves a direct change from water 
vapor to ice without passing through the liquid state. 

Clouds and fogs are both suspensions of extremely small par¬ 
ticles of'water in air. Some clouds at high altitudes may consist 
of tiny ice crystals. Presumably, these particles remain suspended 
because they are small enough to be kept aloft by moderate verti¬ 
cal air currents and because they are buffeted by the impacts of 
the air molecules around them (see Brownian movement, p. 326). 
One essential distinction between the two is that most fogs are 
formed near the surface of the Earth, whereas clouds are normally 
found at much higher levels. Furthermore, most fogs owe their 
condensation to cooling that results cither from radiation or from 
the movement of air to a place where the Earth’s surface is cold, 
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but clouds are generally formed by the rarefaction and cooling 
that occurs when air rises to higher levels in the atmosphere.^ 

Rain is produced by the rapid condensation that takes place 
within a rising and expanding, and therefore cooling, column of 
air. A protracted rainfall requires that the ascending air be fol¬ 
lowed upward by other moisture-bearing air bodies that come in 
to take the place of the air that has risen. These conditions are 
necessary because even if all the atmosphere over a given locality 
were saturated the total amount of moisture would be insufficient 
to provide the water for a heavy rainfall. When condensation 
takes place, the latent heat of vaporization is surrendered to the 
atmosphere. The increase in temperature which ensues causes a 
further decrease in the density of the atmosphere, so that it tends 
to rise to still higher altitudes. Its ascent to regions of lower 
pressure permits further expansion, cooling, and consequently 
further condensation. Moisture (*ondenses as finely divided par¬ 
ticles of water. These particles grow larger as condensation con¬ 
tinues and ultimately become raindrops. Not until then do they 
fall earthward with an appreciable velocity. During the down¬ 
ward journey the drops may increase in size until they reach the 
base of the cloud, thereafter they are sometimes broken into 
smaller drops by the frictional resistance of the air. In falling 
through warmer air, evaporation may considerably reduce their 
size and number and at the same time cool the air. 

Snow forms instead of rain when the condensation occurs at 
temperatures below the freezing point of water. Each snowflake 
is usually a somewhat elaborate crystal (see frontispiece), built 
up by additions of water contributed directly from the water 
vapor of the air. 

When raindrops are whirled about by shifting air currents, 
they are sometimes carried upward through zones cold enough to 
freeze them to hail. Most hailstones, particularly the large ones, 
are not single frozen raindrops but complex masses of ice with a 
concentric structure. They are formed when frozen rain is kept 
aloft by winds long enough to pass through regions where further 
condensation is taking place. As hailstones encounter rain or 
snow they may effect a series of captures, each raindrop or snow¬ 
flake enlarging the original hailstone. 

^ Clouds may be produced in other ways. More detailed accounts of these topics may be 
found in the works listed at the close of this chapter. 
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Movements of the Atmosphere—the Wind 

Movements within the atmosphere are controlled by air den¬ 
sities and the rotation of the Earth. We are at the moment pri¬ 
marily concerned with the wind, air tJiat is moving horizontally; 
but to explain the horizontal motion, we must take into account 
the rise and descent of air masses. Winds are described by their 
directions and velocities. A northwest wind is one that blows 
from the northwest toward the southeast. While the velocity of 
the wind can be measured by suitable instruments and given a 
numerical value, for most ordinary purposes it is enough to 
describe the strength of the wind by purely qualitative terms 
such as: “a light breeze,” “a strong wind,” or “a gale.” The 
effects of the wind on weather are many; its most important role 
is that of a transporting medium, bringing and moving dust and 
moisture, heat and cold. 

Air Circulation 

Horizontal movements of the atmosphere result from pressure 
differences: thus there may arise a wind blowing from a region of 
high atmospheric pressure toward a place of low pressure. Such 
pressure differences commonly arise from the unequal tempera¬ 
tures of adjacent bodies of air; the cooler, denser air displaces the 
warmer and lighter air with which it is in contact. 

This principle is well illustrated by the land bree •'s and sea 
breezes so frequently experienced along the coast. During a clear 
day at the shore, the surface of 
the Earth is warmed to a higher 
temperature than the surface of 
the water, partly because the spe¬ 
cific heat (p. 153) of the land is 
much less than that of water, 
partly because the water reflects 
more solar energy than does the 
ground. The air above the land 
is warmed by radiation to a higher 
temperature than that above the 
water. This makes the density 
of the air over the land less than 
that over the water, and consequently it rises. Its place is taken 
by the cooler and heavier air from above the water, and the result 



FlO. 2. SEA BREEZE 


The sea breeze is caused by the heavier 
and cooler air from the sea forcing away 
the lighter and warmer air. At night 
the land breeze results from the reversal 
of temperature and pressure. 
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is a relatively cool and invigorating breeze from the sea. At night 
the conditions are reversed. The land loses heat through radia¬ 
tion much more rapidly than the water, and the ensuing differ¬ 
ences of atmospheric density give rise to a breeze that blows from 
the land toward the sea (Fig. 2). 

If the Earth were stationary, the movements of the atmos¬ 
phere would be controlled almost entirely by temperature differ¬ 
ences, and a convective circulation would prevail. In equatorial 
regions the air would be characterized by high temperature and 



Fig. 3. planetary circulation or the wind 

On the left edge the convective circulation is shown as it would be were it not 
modified by the rotation of the Earth. 

correspondingly low density and surface pressure. To both the 
north and south the air would be cooler and denser; because of its 
greater pressure it would move toward the equator and force the 
lighter air upward. Toward the poles temperatures would de¬ 
crease, and densities and surface pressures would increase. This 
would lead to a general movement of the lower part of the atmos¬ 
phere from higher latitudes to lower latitudes. The air that 
ascended at the equator would form the upper parts of the atmos¬ 
phere. On cooling it would tend to slide poleward over the lower 
levels. Some of this high-level air might cool sufficiently to descend 
and mingle with the lower atmosphere, the rest would descend in 
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polar regions and start its journey to the equator. The circum¬ 
stances just described are shown on the left side of Fig. 3. 

Influence of Earth Rotation 

The direction of all freely moving objects at the surface of the 
Earth is modified by the Earth's rotation. While the present 
discussion does not demand an explanation of the causes, it is to 
be remembered that in the northern hemisphere moving objects are 
deflected to the right and in the southern hemisphere the deflection is 
to the left.^ The deflections occur regardless of the original direc¬ 
tion of the movement. Thus in the northern hemisphere: north 
winds flow from the north and are gradually changed so as to veer 
to the right and become northeast winds; south winds become 
southwesterly; east winds veer until they are southeasterly; west 
winds are changed to northwesters. 

Planetary Circulation 

The belt of warm expanded air in the vicinity of the equator 
is known as the doldrums. Because it is a region of low pressure, 
the air is being forced aloft by air that comes from the north and 
south. However, these incoming winds are deflected by the 
Earth's rotation, so that they are northeasterly and southeasterly 
instead of north and south winds. They are known as the trade 
winds and are remarkable in that they may persist for many days 
with no perceptible change in direction or strength. They occupy 
a region that extends from the doldrums to about latitude 30°. 
Beyond the area occupied by the trades, there is a somewhat 
irregular zone of high pressure known as the horse latitudes, where 
the air is descending. While the origin of this zone is not entirely 
clear, it may be partially explained by the behavior of the higher 
levels of the atmosphere. The air that rises in the doldrums ex¬ 
pands as it ascends. It tends to flow away from the equatorial 
belt, but in travelling to the north or south it is gradually deflected. 
By the time this current of air has reached the horse latitudes its 
north and south components have beep decreased considerably, 
and it veers toward the east in the northern hemisphere, becom¬ 
ing a west or southwest wind, and toward the west in the southern 
hemisphere becoming an east or northeast wind. Consequently, 
there is a tendency for air to pile up in the general vicinity of lati- 

^ This principle is known as rerrel’s law. It results from the rotation of the Earth. 
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tude 30°. The resulting excess of atmosphere leads to compression 
of the lower layers and a corresponding zone of high pressure. 
Part of the air that descends at the horse latitudes is supplied to 
the trade-wind belts; the rest proceeds in a general poleward 
direction and forms the prevailing westerlies. 

At approximately 60° from the equator there is an area of low 
pressure where winds from the polar area meet the prevailing 
westerlies. The poles are regions of high pressure; they are the 
coldest regions on the planet, consequently the atmosphere is so 
contracted that densities and therefore pressures are high. Winds 
blowing outward from the polar regions under the influence of 
the Earth’s spin, are given a strong easterly component. Thus 
they are directly opposed to the prevailing westerlies. 

Seasonal and Local Variations in Winds 

Seasonal changes of temperature are explained by the inclina¬ 
tion of the Earth’s axis with respect to the Sun. Because of the 
different specific heats of land and water, their temperature 
changes in turn give rise to seasonal shifts in the wind. For in¬ 
stance, over most of Asia the prevailing summer winds blow land¬ 
ward from the Pacific and Indian Oceans, since the seas are cooler 
than the lands. In winter, the temperature difference is reversed, 
and consequently cold winds blow outward from the high plateaus 
of central Asia. The positions of the major wind belts are also 
affected by. the changing position of the Earth; with the approach 
of summer in the northern hemisphere the zone of vertical sun¬ 
shine moves northward, bringing with it the low-pressure area 
known as the doldrums. 

Winds blowing across bodies of water acquire larger quantities 
of moisture than those from a landward direction. When such 
winds alternate with the seasons, they may produce a climate 
characterized by extremes of moisture, a rainy season followed by 
one of drought. 

When moisture-laden winds encounter a mountain barrier they 
are deflected upward. This ascent cg,rries them to higher altitudes, 
where the rarefaction leads to cooling and condensation. For this 
reason, mountainous regions may be well watered, particularly 
on their windward sides. As the air descends the leeward slopes 
of the mountains, its pressure and temperature increase and the 
relative humidity decreases. Such a wind will retain whatever 
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moisture it may be carrying, and will tend to absorb more. The 
wide expanse of desert that includes Nevada and adjacent states 
owes its arid climate to the influence of the Coast Ranges and 
Sierra Nevada that lie to the west and effectively rob the west 
winds of much of their water. 

Thunderstorms 

The typical thunderstorm is a local and temporary disturbance, 
accompanied by thunder and lightning, dark skies, and heavy 
rain. Its coming is advertised by the sudden gathering of clouds, 
and the rain is immediately preceded by a violent gusty wind. 
Thunderstorms occur when the physical properties of adjacent 
bodies of air are markedly different, and they are often started by 
the rapid ascent of air that has been heated to a high temperature 
near the ground. 

The ascent of a heated body of air leads to expansion, cooling, 
and condensation. If the air colmnn rises fast enough, thick clouds 
will form, and as long as the ascent continues the clouds will grow 
larger. After condensation has become sufficiently rapid, rain¬ 
drops may be formed and start to fall. As the first drops descend, 
the air through which they pass is cooled by the partial evapora¬ 
tion of the water. This cooling increases the density of the air. 
At the place where the cooled and relatively dense air comes into 
contact with the ascending warm air, the pressure difference gives 
rise to violent and sudden wind. The direction of the wind is that 
of the advancing storm. Usually such a storm soon passes. It 
may occupy a belt several miles wide and follow a path of a 
hundred miles or more. 

The lightning flashes that so frequently accompany thunder¬ 
storms are discharges of electricity that accumulate during the 
storm. The origin of the electrical charges has been ascribed to 
various causes (p. 79). It is believed that when raindrops are 
broken into smaller particles, these acquire a positive charge, and 
also that raindrops become positively charged by friction with the 
air. According to either explanation the surrounding air would 
receive an equal amount of negative charge. At the front of the 
thunderstorm the lower part of the cloud may be positively 
charged by the falling rain, and the corresponding upper part of 
the cloud is negatively charged by the ascending air current. A 
lightning flash occurs when charges have accumulated sufficiently 
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to overcome the resistance of the air. These flashes may represent 
discharge of electricity between different parts of the same cloud, 
between two separate clouds, or between a cloud and the Earth. 
The charges on the Earth are induced by the charged clouds 
above. In order to prevent too great a charge from accumulating 
on the ground, and the consequent flash between cloud and 
Earth, lightning rods are employed. The lightning rod consists of 
copper or some other metal of high conductivity, sharpened at 
the top and penetrating at the foot into the moist earth below the 
surface of the ground. Charges slip off the ends of these rods, 
sometimes quite noisily, and thus reduce the strength of the field 
between the clouds and Earth in their vicinity. 

The passage of lightning heats the air suddenly and to high 
temperatures. The violent expansion that takes place gives rise 
to thunder. If the lightning is nearby, we are (conscious of a single 
loud clap, otherwise the thunder is heard as a continuing rum¬ 
bling noise. 

Cyclones and Anticyclones 

The rapid fluctuations of weather encountered in most por¬ 
tions of the temperate zone accompany the cross-country move¬ 
ment of high and low pressures. On weather maps these zones are 



FYg. 4. DISTHIBUTION OF I’RESSUUES AND WINDS IN HYPOTHETICAL LOW 
(cyclone) and HIGH (ANTICYCLONE) PRESSURE AREAS 

labelled “highs” and “lows”; in more technical language they are 
referred to as anticyclones and cyclones. Their names do not 
imply atmospheric violence but merely pressures which are higher 
or lower than those of the surrounding atmosphere (Figs. 4 and 6). 
The more pronounced examples appear conspicuous on weather 
maps because they are more or less encircled by several roughly 
concentric isobars. Cyclones generally move across country at a 
rate of several hundred miles a day. 
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A cyclone is a zone of low atmospheric pressure; winds from all 
directions blow in toward it and force the air at the center upward. 
However, on acc^ount of the influence of the Earth\s rotation the 
winds are deflected toward the right. They do not blow radially 
inward toward the center of 
the low but (^ause an inward 
whirl with a counter-clockwise 
motion,^ in a fashion analo¬ 
gous to the whirlpool that is 
formed when the stopper is 
gently removed from a tub of 
water. 

In anticyclones the condi¬ 
tions are reversed; the high 
pressure causes winds to blow 
outward, and deflec^tion to the 
right gives them a clockwise 
motion. At the center the air is descending and increasing in both 
temperature and pressure. The conditions lower the relative 
humidity, and so anticyclones frequently yield clear skies. Both 
cyclones and anticyclones follow a general easterly movement 
across the continent as a result of the direction of the prevailing 
winds. Their usual paths are indicated in Fig. 5. 



Fig, 5. paths taken by cyclones 
AND anticyclones ACROSS THE UNITED 
STATES 

The lows are indicated by full liruis, the 
highs by broken lines. The directions indi¬ 
cated represent those fre(]uently followed. 


Weather Maps 

Weather maps are prepared twice a day by the U. S. Weather 
Bureau. Interest in them has been so much stimulated by the 
increasing use of airplanes that they are published in many news¬ 
papers except in times of war (Fig. 6). In addition to the presence 
of highs and lows and the isobars, they also show the temperatures, 
wind directions, and moisture conditions (clouds, rain, snow) that 
prevail at each of the principal stations at a given time. During 
the colder months they also show the isotherms for 0°F and 32°F. 
The larger weather maps include isotherms at every multiple of 
10°F. The symbols employed to show these data can be found 
on each map. For points between Weather Bureau Stations, 
conditions may be approximated by interpolation. By comparing 
a series of consecutive maps the layman may form a judgment of 

1 The direction would be clockwise in the southern heraisphero. 
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the probable pattern of the weather for the next few hours; 
however, modern weather prediction depends upon the correla¬ 
tion of far more data than are given by the ordinary weather 
map. 



Fig. 6. weather map 

This map shows the conditions that prevailed at the time of the ‘‘New England 
Hurricane/’ September 21, 1938. Courtesy of the New York Times, 


Air Masses and Air-Mass Analysis 

Knowledge of the behavior of the atmosphere has increased 
with great rapidity during the past quarter century; this advance 
was made possible by the investigations of Professor Bjerknes of 
Norway and his colleagues and has been stimulated by the in¬ 
creasing use of aircraft. Formerly weather forecasts were based 
almost exclusively on data secured from the air close to the Earth 
and depended very largely upon experience of meteorologists in 
predicting the movement of highs and lows. Modern forecasting 
requires information on the physical properties of the atmosphere 
at various levels above the Earth’s surface. These data are 
gathered by sending recording instruments aloft in airplanes and 
balloons and by observing the directions taken by balloons that 
are released. The information is then assembled to give a three- 
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dimensional rather than a two-dimensional picture of atmospheric 
conditions. 

The fundamental unit in modern meteorology is the air mass; 
the corresponding investigations arc known as air-mass analysis. 
The air mass is a body of air which has remained more or less 
stationary over a given area for a sufficient time to acquire physi¬ 
cal properties that are indigenous to the region. For instance, 



Fig. 7 

A, generalized section to illustrate the cold and warm fronts. The vertical scale is 
exaggerated. B and C, plan views of two stages in the development of a cyclone. 
D and F, stages in the development of an antic^yclone. Wind directions are indicated 
by arrows. After Bjerknes, modified. 


air masses originating over the Gulf of Mexico arc warm and 
moist; similarly, air masses in northern Canada are cool and'dry. 
As these air masses move, their properties are gradually modified; 
nevertheless they continue as distinct bodies of air. The contact 
between air masses with dissimilar properties is known as a front. 
Since cold air is denser than warm air, the edge of an advancing 
body of cold air tends to wedge under the adjacent warm air and 
force it up. This surface of contact is known as a cold front. Ad¬ 
vancing warm air, on the other hand, tends to ride over the cold 
air that lies in its path. This contact is a warm front, and, like 
the cold front, it slopes downward toward the warmer air (Fig. 7). 
At both fronts the warm air is rising, and if it is sufficiently moist, 
the ensuing expansion and cooling are attended by clouds and 
rain. 

Cyclones and anticyclones are believed to originate from ir¬ 
regularities along the surfaces that separate warm and cold air 
masses. If the contact is marked by a bulge protruding from one 
mass into the other, it changes the directions of the winds in the 
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‘'invaded^^ mass. If the bulge grows larger, as it frequently does, 
these winds follow the patterns indicated in Fig. 7. 

Air Conditioning 

The forces that control the atmosphere are so vast and the 
mass of the atmosphere so great that man can never hope to have 
any control over the climate. Local conditions such as the dust 
storms of recent years in the West may be partially avoided by 
more scientific use of the land, but temperatures, pressures, 
winds, and precipitation can no more be regulated than can the 
sunspots which seem to influence them. The only air that lies at 
the command of man is air within a closed container. In recent 
years engineers have undertaken to control large bodies of en¬ 
closed air. The air conditioning of trains and buildings is coming 
into fairly general use. There are several different methods of 
such air control. One consists in filtering the air to free it from 
su(‘h solid particles as dust, pollen, and bacteria. By various 
heating and cooling devices the temperature may be suitably 
regulated; but the most important type of control, for both 
health and comfort, lies in the proper adjustment of moisture. In 
order to achieve this, it is necessary either to add or remove 
water vapor so that the relative humidity will fall somewhere 
between 30 and 60 percent. Water may be evaporated directly 
into the air to reach the desired content; or it may be extracted 
either by passing the air through a device that will bring about 
condensation, or else by passing it through some water-absorbing 
substance. 


EXERCISES 

1. Examine weather maps published today and yesterday, and j)redict to¬ 
morrow’s weather. 

2. What wind directions will be successively recorded at a Weather Bureau 
Station if the center of a low-pressure area passes from west to east across the 
station? What wind changes will take place if the center of the low passes 
(a) to the north of the station, (b) south of the station? In both instances the low 
is travelling eastward.' 

3. At the same pressure and temperature will there be density differences in 
bodies of air containing different amounts of moisture? Explain. 

4. A barometer reads 29.0 inches. What would be the equivalent in millimeters 
and millibars? (Assume the density of mercury is 13.6 g/cc and the acceleration 
of gravity is 980 cm/sec^.) 
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5. Under what circumstances can an east wind be expected on the Atlantic 
coast of North America? Why do these east winds frecjuently give rise to rain? 

6. A sample of air at 20°C must be cooled to 10° before dew is foimed. What 
is the relative humidity of the original sample? 

SUGGESTED TOPICS FOR FURTHER STUDY 

Clouds Meteorological instruments 

FerreFs law Air-mass analysis 

Tropical cyclones The wet-bulb thermometer 

Monsoons and other seasonal winds Humidity and vapor pressure 
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Chapter XIV 


Surface Wafers of the Earth 


The major features of the continents owe their origin to vast 
forces at work deep within the crust of the Earth; the carving 
and reshaping of the surface are accomplished largely by the 
action of water. Water plays the leading role in the work of 
rivers, glaciers, and waves. The wind also sculptures the land, 
and desert regions owe many of their surface features to its work; 
but wind work is effective only where vegetation is scarce. 

The work done by water is partly accomplished through its 
dissolving power, but the more conspicuous results are achieved 
by the mechanical action of water in motion, by waves and rivers, 
and by moving bodies of ice. We know on Earth few such sharp 
and jagged profiles as are observed on the face of the Moon, where 
both air and water are absent. 

The Water Cycle 

It is generally believed that our waters had their source in the 
original atmosphere that surrounded the Earth when it was still 
a hot and glowing mass. At the present time we may regard the 
oceans as a permanent storage basin for the surface waters. From 
the oceans, water is borrowed temporarily by the atmosphere 
through the process of evaporation (Fig. 1). Precipitation returns 
some water directly to the ocean, but much rain and snow are 
delivered to the lands. Of the water that falls on land, some 
flows directly into the rivers and is carried back to the sea; some 
soaks into the ground. Much of the underground water seeps 
through porous rock and soil into stream channels and thus 
rejoins the general circulation; some is removed from the surface 
by evaporation and plants. A smaller quantity unites with 
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mineral substances to form solid compounds and so is permanently 
removed from the system, but its loss is more or less balanced by 
water vapor that is contributed directly to the atmosphere when¬ 
ever there is a volcanic eruption. Thus, although the cycle is not 



Fig. 1. THE WATER CYCLE 


a perfect one, the balance between water removed and water added 
is so close that we have no evidence of either an increase or de¬ 
crease in the amount of surface waters during the past. Although 
the total amount of water remains approximately constant, the 
relative amounts of water vapor, liquid water, and ice are con¬ 
trolled by variations in climate. 

The Ocean 

Sea water covers about seven tenths of our globe, and most of 
it is contained in the vast reservoirs called “ocean basins.” The 
average depth of the ocean is approximately 13,000 feet. This 
figure seems large, but if we were to build a scale model with the 
Earth as a ball 100 feet in diameter, the ocean would be less than 
half an inch deep. The ocean floors are convex upward. 

At, the present stage in the history of the Earth, the oceans 
may be regarded as more than full, for in many places they have 
encroached upon the lands and formed shallow seas upon the 
margins of the continents. Not only have they spilled across the 
edges of the lands, but they have drowned low areas inland to 
form shallow seas such as the Baltic and Hudson Bay. 
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Although the oceans seem always to have occupied their 
present positions with respect to the major land masses, never¬ 
theless there have been many times in the past when their waters 
have spread widely over the lands. There is abundant evidence 
to show that at one time or another almost all of North America 
has been covered by shallow seas, and the same is true of other 
continents. 

The Changing Earth 

Through the work of its waves and (currents, the ocean has 
contributed to the s(mlpturing of our present landscape. Other 
factors, the winds, rivers, glaciers, underground waters, lakes, 
and the breaking up of rock material, are all sharing in the task 
of modifying the face of the Earth. Through the combined 
effects of these, the facial expression of the continents is con¬ 
stantly being changed. These (changes began with the work of 
the wind before the first rains fell upon the Earth and will be 
continued by the glaciers after all the waters are frozen. 

Before we attempt to understand the various roles played by 
the surface processes, one point demands particular emphasis; 
it is this: we are now living in one of the several critical times that 
have characterized Earth history. As a result of recent crustal 
disturbances, not only have lofty mountain ranges been elevated 
in many places, but the continents, as units, stand unusually 
high above the sea. Ultimately the destructive agencies of run¬ 
ning water, the wind, and moving ice will succeed in cutting and 
carving the great land masses to a lower level. After the conti¬ 
nents have been appreciably reduced, they will probably remain 
in a more or less stable condition for an enormous length of time. 
At length, however, accumulating stresses within the Earth will 
raise and warp the great land areas, wrinkle parts of the crust 
into new mountain systems, and reelevate the mountain ranges 
that have been worn down. This statement may strike the reader 
as a rash prophecy, but it is based upon a sequence of events that 
has been repeated many times in. the past. Earth history is 
marked by cycles or rhythms, times of quiet and times of crustal 
disturbance following each other in orderly progression. Were it 
not for the upheavals and deformation of the rocky framework, 
it would be only a matter of time before the rivers would reduce 
the land to a featureless plain; and the waves, gnawing at the 
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continental margins, would encroach farther and farther inland, 
so that finally no land would remain above sea level and the 
Earth would be completely covered by water. 

Shore Lines 

To the instability of the lands and fluctuation of sea level no 
testimony is more eloquent than that displayed by the coasts. 
Nearly every shore line yields evidence of a change in the relative 
positions of land and sea. In 
those places where sea level has 
risen or where the land has been 
sinking, the margins of the land 
have been drowned. Conversely, 
the former sea floor has been 
exposed along many coasts, either 
through an upward movement 
of the land or by a fall in the level 
of the sea. Shore lines produced 
by the partial drowning of the 
coast are called submerged shore 
lines, in contrast to the emergent 
shore lines produced by exposure 
of the former sea bottom. 

When coasts are drowned, the 
lowest parts of the land are COV- ^2), and Chesapeake Hay (3). 

ered by the sea, and river mouths are changed into tidal estu¬ 
aries. Both Chesapeake Bay and Long Island Sound are par¬ 
tially submerged river valleys (Fig. 2). The best criterion of 
submergence is an irregular shore line with many estuaries and 
promontories. Many of the rocky islands which are so common 
on such a coast represent the higher portions of divides that have 
not been completely submerged. 

In contrast to the indented pattern displayed by submerged 
shore lines, the shore line of emergence is usually simple or even 
straight. The shore is further characterized by the gentle slope 
of both the sea bottom and the adjacent dry land. These features 
result from the nature of submarine deposition. Rock detritus 
such as gravel, sand, and clay is delivered to the sea and then dis¬ 
tributed by waves and currents as a fairly smooth floor, filling up 
the holes and burying the protuberances. The surface of the 



Fig. 2. submerged valleys along 

THE COASTAL PLAIN 

Long Islanti Sound (1), Delaware 
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debris approximates a plane with a slight slope away from the 
land. Emergence yields a straight shore line, at the intersection 

of sea level with this smooth sur¬ 
face. The exposed portion of the 
.sea floor is termed a coastal 
plain. 

The coastal plain shown on 
the accompanying map (Fig. 3) 
widens to the south and contin¬ 
ues into Mexico. From New 
York northward the coast is 
highly indented and decorated 
with many islands, a typical 
Fig. 3. the coastal plain of east- gjjore line of submergence. It 

EIIN NORTH AMERICA , i a 

may now be reasoned that the 
eastern margin of our continent has at some time been tilted 
downward to the north, and upward in the south, with the axis 
or fulcrum of the tilting somewhere near southern New York. 
What actually happened is not quite so simple as this, because 
the country about Chesapeake Bay has been partially submerged 
at a more recent date. 

Waves 

The destructive work along the shores of lakes and seas is per¬ 
formed almost entirely by waves. The most conspicuous task in 


Wind direction 



The small arrows indicate the direction of water particles 
in different parts of the wave. 

which they are engaged is that of erosion. Water waves are pro¬ 
duced by the unequal pressures exerted by the wind upon the 
surface of the water; they travel forward with the wind with 
their crests and troughs at right angles to the wind’s direction. 
The shape of a wave in cross section and the significance of the 
terms used to describe waves may be seen in Fig. 4. 
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Waves produced by the wind in open water are waves of oscilla¬ 
tion. The wave form results from the more or less circular motion 
of the separate water particles, the paths of which are indicated 
by the small arrows in Fig. 4. The amount of erosion performed 
by waves of oscillation is negligible. However, when they are im¬ 
pelled forward into shallow water they “break,” and the water 
rushes forward as a wave of translation. Coast erosion results 
almost entirely from the pounding of these waves. 

Wave Erosion 

Sand and loose rock fragments are the tools employed in the 
abrasion of a coast; waves that are not supplied with rock d4bris 
are much less effective agents of erosion. As the wave of transla¬ 
tion drives forward, some of the solid particles are picked up and 
flung against the shore; other particles are dragged forward along 
the bottom as the wave advances and seaward as the wave retreats. 
Erosion is largely accomplished through the impacts and grinding 
so produced. The attack is concentrated at a comparatively 
narrow zone at the level of the sea. On steep and rocky shores 
wave erosion may cause a rapid undermining, so that the material 
above is no longer provided with support and crashes down. In 
this way sea cliffs are formed; and as long as vigorous wave ero¬ 
sion continues, the cliffs are kept steep and are driven landward. 
Tools to make the attack effective are provided by the destruc¬ 
tion of the cliff. In many parts of the world shore lines are retreat¬ 
ing rapidly; for instance, there are parts of the northwest coast of 
England that are receding as much as ten feet a year. 

It can be seen from Fig. 5 that as a cliff retreats inland it is 
necessary for the waves to cross a submarine rock platform, the 
wave-cut bench, that is gradually growing wider. The force of 
the waves is somewhat diminished in crossing this area. Further¬ 
more, as the wave-cut bench grows wider, the rock debris must 
be shifted a greater distance seaward before it reaches its final 
resting place, the wave-built terrace, in deeper water. The d4bris 
is moved a little at a time, so that the rock bench becomes veneered 
by a layer of loose material. Where the deposit is thick enough 
to project above water level it is known as a beach (Fig. 5). The 
latter is not a permanent feature, as its materials are constantly 
being transported. Part of it may be dragged seaward by under¬ 
tow; in time of storm it may be driven forward and piled high 
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against the cliff, and much is carried along the shore by wave¬ 
generated currents. Beaches are not all of the type just described. 
Many of them are formed by waves at work upon loose uncon¬ 
solidated rocks. 

Coasts that have been elevated by relatively sudden move¬ 
ments frequently display shore-line features well above the level 
of the modern shore line. In some parts of the world a series of 
such uplifts is reciorded by the presence of wave-cut cliffs and 



A, an early stage; wave attack is causing a rapid retreat of the (diff. E, a later stage; 
the energy of the waves is somewhat dissipated by their long journey across terraces 
and bench, and the cliff is protected by a beach. Modified from Douglius .John.son. 


wave-cut benches occurring in the form of steps. Such features 
provide valuable evidence of the history of the shore line, as their 
height above sea level gives a measure of the amount of emergence 
that has occurred. 

Salt Water 

Every hundred pounds of sea water contains about three and a 
half pounds of dissolved solids, of which over three quarters is 
ordinary salt or sodium chloride. The dissolved solids account 
for the bitter taste of sea water and also for its density, which is 
somewhat greater than that of freijh water. It is appropriate to 
inquire into the source of these solids. The sodium is derived 
from the gradual breaking down of the rocks and minerals of the 
Earth. When rocks are subjected to a chemical attack by the 
atmosphere and surface waters, the sodium is set free in a soluble 
form as sodium ions and is carried by the rivers into the ocean. 
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The amount thus delivered by all of the rivers of the world is over 
150 million tons per year. Since nearly all of the sodium remains 
dissolved, the ocean is steadily growing richer in this ingredient. 
The origin of the chlorine is obscure. Whereas practically all 
rocks contain appreciable amounts of sodium, the percentage of 
chlorine is usually hardly enough to evaluate by means of an 
ordinary chemical analysis, so the rocks of the continents can 
only provide a very small quantity of this element. The atmos¬ 
phere that surrounded the Earth when it was still a glowing mass 
may have been rich in chlorine, and we know that chlorine com¬ 
pounds occur among the gases that emanate from volcanoes. 
Most of the less abundant elements found in sea water are largely 
derived from the lands, by way of the rivers, in a manner analo¬ 
gous to that of sodium. 


Rain and Underground Water 

When rain falls upon the land, part flows directly downhill into 
the nearest stream and part soaks into the land. In country where 



the slopes are steep and where the soil is relatively impervious, 
nearly all the rain water is removed directly by streams. In flat 
regions, and especially where the soil is porous, over nine tenths 
of the rain may disappear underground. 

Water soaking into the ground descends between particles of 
soil and through crevices in rocks until it comes to a zone where 
all of the available space is occupied by water. The upper surface 
of this saturated zone is called the water table (Fig. 6). In places 
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where rainfall is abundant, a well or excavation will encounter 
the water table a few feet below the surface; in more arid regions 
the water table may lie at a depth of many hundreds of feet. The 
form of the water table is shown in Fig. 6; it approximates the 
surface configuration of the land, but the slopes are gentler and 
the irregularities less sharp. Wherever the surface topography 
intersects the saturated zone, underground water oozes forth. 
Thus it is that rivers which have cut their channels down to the 
level of the water table are assured a continuous flow of water; 
they are called permanent streams. Streams that have not in¬ 
cised their valleys to this depth flow only immediately after a 
rain or when melting snow provides the necessary water. Rivers 
of this type are said t o be intermittent. Areas that are low enough 
to intersect the water table and which have no surface outlets, 
become lakes or swamps. 

Floods 

When heavy rains fall for several days, it often happens that 
the upper few inches of soil become saturated, so that no more 
moisture may enter. If rain continues, the water is forced to 
follow the surface slopes, the rivers become swollen, and a flood 
results. Floods may also be brought about by the sudden melting 
of a winter’s accumulation of snow. This type of flood is particu¬ 
larly violent when the ground below the snow remains frozen, 
so that no water can be absorbed by the soil. Many of the great 
floods which in the recent past have been so destructive along the 
Ohio River and its tributaries have been caused in this way. In 
the hilly regions of West Virginia there have been many instances 
of rivers rising to thirty or even forty feet above their normal 
levels. 

At the present time there is much discussion concerning flood 
control and flood prevention. In some regions the danger can be 
reduced by constructing large numbers of dams and impounding 
a part of the excess waters within reservoirs, but this method is 
very expensive. Judicious planting of hillsides with trees may 
serve to prevent a too sudden melting in spring by providing 
shade. However, there is no way in which the forces that control 
the weather may be checked or modified, no way of preventing 
an oversupply of rain. At present we may achieve some success 
with flood control; in the future the advance of scientific knowl- 



SURFACE WATERS OF THE EARTH 245 

edge and engineering practice may make flood prevention possi¬ 
ble. 

River Erosion 

Nearly every stream * flows in a valley of its own making. 
Valleys do not occur fortuitously on the surface of the Earth but 
are carved by the rivers which occupy them. A stream flowing 
down a slope steep enough to insure a swift current will transport 
a load of rock debris, consisting of fine clay particles, sand, gravel, 
and even larger rock fragments. Sluggish streams may be able to 
carry nothing heavier than clay particles, but a robust mountain 
torrent may move boulders weighing several tons. As fragmental 
materials are transported downstream, they strike the bottom 
and sides of the channel. Thus the channel is subjected to constant 
abrasion, partly through impacts and partly through grinding 
and scraping. The erosion produced in this manner varies widely 
in response to a great many factors, but the most important one 
is the velocity of the water. Let us suppose that in a stream the 
normal flow is such that a ledge of rock below water is being 
buffeted by a certain number of rock fragments in each second. 
In time of flood the rate of flow is increased. This means that the 
ledge would now be exposed in a second to the abrasion of more 
rock particles, each striking with greater speed. Furthermore, 
the size of the fragments that a stream can carry increases many- 
fold with increased velocity. Thus a stream may accomplish more 
erosion in a few hours of flood than would result from a century 
of normal flow. 

The wear and tear by which a stream deepens its valley affects 
also the burden of waste by which most of the erosion is accom¬ 
plished. Even the toughest and sharpest of rock fragments 
become smooth and rounded after they have been carried a few 
miles by a turbulent stream. The degree of rounding affords a 
rough measure of the distance that pebbles have been carried by 
a stream. 

The mechanical work of rivers is much greater than their sol¬ 
vent action, although in all cases streams carry dissolved solids 
and some erosion takes place through the solvent action of the 
river water. 


The terms river and stream are interchangeable and have no quantitative significance. 
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Differential Erosion 

In addition to the factors that have already been enumerated, 
the rate of erosion is controlled by the rocks over whi(^h the rivers 
flow. Streams of equal vigor cut their valleys at speeds deter¬ 
mined by the resistance of the underlying materials, and differ¬ 
ences in rates of erosion may be apparent in different parts of the 
same stream. Frequently the positions of valleys are determined 
by the presence of weaker rocks. For instance, the eastern and 
east-central parts of Pennsylvania consist of an alternation of 
many kinds of rocks, and their distribution exerts a direct control 
on the topography. The valleys are long and narrow and for the 
most part follow the weaker layers. The divides separating the 
valleys are equally sharp and narrow and occair where the harder 
rocks outcrop at the surface. The rivers are constantly etching 
the landscape; they lower the softer areas and leave the harder 
strips standing in sharp relief (Fig. 8). Similar differences may 
also be observed in many parts of the West, where rivers have 
cut deep gorges in horizontal layers of rock. The sides of many 
canyons consist of series of slopes; the more resistant layers pre¬ 
sent an almost vertical front or form overhanging ledges, while 
the weaker materials are marked by the more gentle slopes. The 
step-like pattern of the walls of the Grand Canyon is due only in 
part to the work of running water, but it serves to illustrate the 
general principle that rocks respond differently to the processes 
that are sculpturing the face of the Earth. 

The River Cycle 

Rivers, unless they are disturbed by external processes, pass 
through a definite life cycle, each stage of which is distinguished 
by a definite set of typical characteristics. The terms used to 
describe the suc^cessive stages are youth, maturity, and old age; 
but it is to be emphasized that these terms refer to stages of devel¬ 
opment and have no quantitative significance in terms of actual 
years. Some rivers remain youthful long after others originating 
at about the same time have passed through maturity into old 
age. Furthermore, due to changing conditions along a particular 
stream, certain stretches may pass into maturity while interven¬ 
ing portions are still in youth. As a stream passes through its life 
cycle, the most conspicuous change is in the shape of its valley. 
The terms stream and river are used to designate not only the 
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flowing thread of water and the channel that confines it, but also 
the valley walls that rise to the higher ground above. Hence when 
the expression youthful river is employed, it signifies a valley 
with the characteristics of youth. 

Young Rivers 

A river that flows swiftly and is adequately supplied with rock 
debris cuts its channel downward and forms a sharp, steep-sided, 



Fig. 7. youthful valley with waterfall 
Photograph by A. D. Howard. 


V-shaped valley. This task is accomplished in a short time, short 
in the sense that it occupies but a small fraction of the river’s life. 
The Grand Canyon is probably the best-known example of a 
young valley produced by a vigorous stream. The course of a 
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typical young stream is irregular; the slope varies from place to 
place, and it may be interrupted by lakes and waterfalls (Fig. 7). 

As a river excavates its channel, it may encounter rocks of 
varying degrees of hardness or resistance to abrasion. When this 
occurs, the softer rock on the downstream side of the more resist- 


A B 







Fig. 8. history of waterfall 

In A the falls result from a mass of resistant rock; they are reduced as the valley is 
lowered. In B the fall gradually retreats upstream as the hard stratum is worn back. 

ant rock is cut away more rapidly, and the harder material stands 
up in sharp relief to give rise to a waterfall or to rapids. These 
features are characteristic only of rivers in early youth. The way 
a waterfall is eliminated depends upon the form and position of the 
resistant rock. If the barrier is in a more or less vertical position, 

the waterfall is gradually lowered 
as the barrier is worn down, for 
ultimately even the hardest rock 
succumbs to stream erosion. 
Later the site of the fall is 
marked only by rapids, and they 
too shortly disappear (Fig. 8A). 
When the waterfall is caused by 
a more or less horizontal rock 



Pig. 9. Niagara falls 
The diagram shows the upper layer 
of resistant limestone and the deep 
plunge pool at the base of the fall. 


layer (Figs. 8B and 9), the fall retreats upstream as the edge is 
worn farther back. Niagara Falls is perhaps the best-known 
example of this type. The layer that forms the resistant cap is a 
massive stratum of limestone, while immediately below there are 
layers of comparatively weak rock. The whirling waters at the 
base of the waterfall rapidly erode the softer rock, causing the 
limestone cap rock to overhang to such an extent that, periodi- 
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cally, great masses collapse into the plunge pool below. Through 
this steady undermining, Niagara Falls is retreating upstream at 
an average rate of five feet per year. 

Lakes constitute a second set of ephemeral features that are 
common along young rivers. Unlike waterfalls, which interrupt 
the course of a stream by introducing a steep or even vertical 
drop, lakes indicate a local flattening in the course of a stream. 

Lakes, unless they are unusually large, have even shorter lives 
than waterfalls, for they are more easily destroyed. The destruc¬ 
tion may result from erosion at the outlet, if it is cut deeply 
enough to drain the lake; but more frequently lakes are destroyed 
by being filled with sediment. The ddbris is deposited in the form 
of a delta, which gradually extends into the lake until it fills the 
entire basin. Lakes may also be obliterated by these two processes 
working simultaneously. 

From the brief life of lakes and falls it can be seen that there is a 
marked tendency for a river to remove the irregularities in its 
course, until finally it develops a fairly smooth concave longitudi¬ 
nal profile, steep near the source, less and less steep as the mouth 
is approached. 

Maturity 

A youthful stream begins its existence with a steep gradient, 
which endows it with a swift current. In the early stages down¬ 
cutting proceeds rapidly, so that a steep-sided gorge is formed. 
However, the downcutting constantly lowers the elevation of the 
stream, bringing it closer to sea level; and this in turn gradually 
causes the velocity to diminish. At the same time downcutting 
proceeds at a constantly slower pace. Slower downcutting is 
attended by changes in the form of the valley. At first the valley 
walls are relatively steep and narrow; later they become wider 
and acquire a more open form, as the walls are eroded by tribu¬ 
tary streams and as loose particles are carried down the slope by 
the wash of rain and the slow migration of soil. These processes 
were also operating in the earlier history, but the valley walls 
were kept steep by the rapid downcutting of the river. 

As the valley becomes deeper and wider its area is enlarged, 
and there is an increase in the amount of d4bris which is con¬ 
tributed to the river. 

Because of its lessening velocity, the river is steadily losing its 
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ability to erode, while at the same time a constantly growing 
burden is being thrust upon it. A river cannot be overloaded, 
because any waste supplied to it in excess of its transporting power 
is immediately deposited. Consequently a time arrives when the 
supply of rock fragments which find their way into a stream is 
balanced by the ability of the river to carry such material. This 
is the most significant event in the life history of a river, and it is 
now said to be graded. 

Once a stream becomes graded, even though active downcutting 
ceases, the stream continues to lower its channel slowly. Minor 
departures from grade occur at times of flood or drought, but 
there is a constant pendulum-like return to the balanced condi¬ 
tion of erosion and deposition. When the balance is disturbed 
by a change in one of the factors that control this equilibrium, 
the stream adjusts itself to restore the graded condition. For 
instance, if the supply of water increases or the waste supply 
diminishes, the stream will begin to erode actively and incise its 
channel, for it now possesses energy in excess of the amount re¬ 
quired to transport its load. In cutting down to lower levels, the 
gradient and velocity are decreased, and downcutting continues 
until the stream becomes graded anew. Similarly, if more waste 
is supplied to a stream or if the volume of water decreases, the 
river can no longer transport its load. Consequently waste, in 
excess of the carrying power, is deposited in the stream channel. 
Deposition continues, and the channel is built up to a higher 
level, until the velocity is increased enough to carry the entire 
load. It is not to be supposed that a stream at grade is neither 
eroding nor depositing; both of these processes are carried on but 
in approximately equal amount. At this stage downcutting is 
reduced to a minimum except in time of flood. 

Until a stream becomes graded it is youthful; when graded it is 
mature. Since a river cannot become graded until the lakes and 
falls are removed, these features serve as criteria for the recogni¬ 
tion of young streams. 

Lateral Erosion 

Stream erosion is not restricted to downcutting, although this 
process is the dominant one during the early history of a river. 
Considerable lateral cutting takes place, but its effects do not 
become conspicuous until the stream has advanced into maturity. 
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Let us imagine a young and active stream, with several bends 
along its course. This is the usual situation, for even moderately 
straight streams are rare. In any river the current is most rapid 
in the middle of the channel where the water is deepest; velocity 
decreases as the banks are approached because of friction with 
the rock surface, so that water flows slowly over the shallows. 



The swiftest part of the current is indicated by the broken line, at each bend it is 
deflected iktoss the river against the concave banks. The floodplain scrolls (stipple) 
lie against the convex banks. 



The formation of an ox-bow lake by the continued growth of meanders. 
Fig. 10. INCREASING CURVATURE OF MATURE RIVERS 


Wherever the stream follows a bend, the swift water tends to 
continue its forward path and so is directed against the concfive 
banks (Fig. 10). At these places there is a tendency for the channel 
to be (mt sideways as well as down, so that the concave banks 
receive most of the erosion. Continued lateral cutting changes 
the form of the bend by forming a broad smooth curve. In young 
rivers the amount of lateral erosion is 
probably at least as great as the down¬ 
cutting, but the results are less apparent. 

In maturity, downward erosion is 
slow, and most of the waste is contrib¬ 
uted by lateral erosion. Since the stream 
is graded, material must be deposited 
in order to maintain the balance be¬ 
tween transporting power and load. This deposition takes 
place where the stream velocity is least, that is, against or near 
the convex banks. In Fig. 10 it can be seen that the swift part of 
the stream swings across to the opposite side of the channel with 



Valley walls 

Cut bank 
Flood plain scroll 

Stream channel- 
Fig. 11. A STREAM IN 
EARLY MATURITY 

The flat valley bottom 
results from lateral erfision 
combined with deposition. 
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each change in the direction of the stream. At each outward 
curve, the bank is steadily planed back. At the same time, more 
and more loose material is deposited on the opposite side of the 



Fig. 12. meanders in the Jordan river, near the dead sea 
Photograph by Kluger from* Black Star Company. 


river against the convex banks. These deposits first display a slim 
crescentic form and are termed floodplain scrolls. As they in¬ 
crease in size and are joined to each other, they combine to form 
a flat valley floor (Fig. 11). 
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Floodplains and Meanders 

Lateral erosion increases the complexity of the stream pattern 
by changing the sharp bends into sweeping arcs, which constantly 
tend to change their form. The continued outward migration of 
the curves is accompanied by deposition, so that a flat vallej'^ 
bottom, or floodplain, is formed. The floodplain continues to 
increase in width as long as the laterally cutting stream comes 
into contact with the valley walls. 

In many rivers the curves increase until they become meanders 
(Figs. 10 and 12); these are unstable, and each tends to increase 
in size, especially in a downstream and outward direction. Often 
two adjacent meanders intersect, with the immediate result that 
water is diverted into the lower one. The 
intervening meander is abandoned by the 
stream and forms an ox-bow lake (Fig. 10). 

The place of intersection is known as a cut¬ 
off. On a wide floodplain the entire me¬ 
ander system tends to shift. This is well 
illustrated in the lower reaches of the Mis¬ 
sissippi River, where the stream is found in 
some places on one side of the floodplain 
and at other places on the opposite side, 

(Fig. 13). Each time the river comes into 
contact with the valley wall, the floodplain 
is widened by lateral erosion. 

Old Age 

There is no sharp line of demarcation 
between maturity and old age. Rivers may 
be said to be old when the floodplain is Fig. 13. a river in 

several times wider than the strip of land , 

, ,, . 1 1 ii 1 /TT Note that the flood- 

actually occupied by the meanders (lig. plain is many times as 

13). The best-known example in this coun- oSp^dbytSeSiS 
try is the lower part of the Mississippi. Modified from A. K. Lo¬ 
in the later stages of river development, ' 
the various processes work slowly; slopes are gentle, and the 
stream flows sluggishly, and only in time of flood do erosion and 
deposition take place rapidly. 
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Levees 

In many mature and old streams the land immediately adjacent 
to the banks may be considerably higher than the surfa(!e of the 
floodplain, so that the ground slopes away from the river. These 
elevated strips are termed levees (Fig. 14) and are built by the 
stream when it overflows its banks in time of flood. Water escap¬ 
ing from the channel loses much of its velocity when it spreads 

out on the floodplain and there¬ 
fore deposits its burden of waste 
not far from the river. Succes¬ 
sive floods add to these deposits 
until they become conspicuous 
features on the landscape; levees 
twenty or even thirty feet high 
are by no moans exceptional. As the flood subsides and the ve¬ 
locity of the stream decreases, the channel may receive large 
quantities of silt. This proce.ss, by raising the bottom of the 
channel, raises the normal water-level, so that, the surface of the 
river may lie many feet above the floodplain. 

When a river is swollen by a minor flood, the levees confine the 
water to the channel and so perform a useful function; but when 
a serious flood menaces a region, the danger is greatly increased 
by the levees. Should the levee be cut away or undermined, the 
river waters escape through the breach and inundate the flood- 
plain behind the levees. On a large floodplain many thousands of 
square miles may be submerged. Sometimes the entire river may 
abandon its former channel and follow a new course on the lower 
ground. The hazards increase with the height of the levees. 
Nevertheless, it is common practice for communities to reinforce 
the river face of the levees on which they are established and to 
build them up as high as their means allow. When a levee breaks 
during a serious flood on the lower Mississippi, scores of lives are 
lost, and the property damage is measured in millions of dollars. 
When a similar catastrophe overtakes part of the thickly populated 
plain in China, the number of people who perish is measured in 
scores of thousands. 

Base Level 

During the life cycle of a river, there is a progressive reduction 
in the steepness of its slope. This results in a decrease in velocity, 



Fig. 14 


The levees are the banks built upon 
the floodplain adjacent to the river. 
Vertical scale greatly exaggerated. 
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which lessens the ability of the stream to do mechanical work. In 
the later stages of its history a stream may flow on a slope of less 
than an inch to the mile; nevertheless it will continue to erode and 
to reduce the land, but at an extremely slow rate. 

Rivers can never reduce the lands to the level of the sea because 
they require a slope in order to flow. They may, however, bring the 
lands down almost to this level. Let us imagine the surface of the 
sea extended under the land. Locally it can be considered as a 
plane, actually it is a curved surface corresponding to sea level. 
Rivers strive to lower the lands to this surface which is called 
base level. Even though it is an entirely imaginary surface, it 
sets a very real limit to the depth to which the lands may be 
lowered by erosion. Exceptions to this general statement are 
rare; but there are places, such as the Dead Sea in Palestine, that 
lie below sea level and act as local base levels for all the streams 
that drain into them. 

The Peneplane 

Divides, which are the areas of higher ground between rivers, 
are attacked and gradually reduced by tributary streams. Each 



Fig. 15. the cycle op erosion 

The uppermost profile represents a level region dissected by youthful valleys. The 
successive stages of valley widening are indicat(‘d by the dotted lines. In the last 
stage, solid black, the floodplains are wide and the relief of the divides is slight. 


one of these minor streams is governed by the same laws as the 
main rivers and proceeds from youth through maturity. Through 
erosion by the tributary streams the divides become lower and 
their slopes gentler. At the same time the divides also shrink in 
area, for the floodplains of the main rivers on either side are being 
widened at their expense. Thus the land becomes lower and at 
the same time flatter. When the relief is very slight and the land 
has acquired the form of an almost level plain, not far above the 
level of the sea, it is called a peneplane (Fig. 15). 

If a peneplane is produced in an area where there are a few 
rocks of considerable resistance to erosion, the harder members 
may escape the general levelling and so stand out as prominent, 
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isolated hills. These features are called monadnocks, after 
Mt. Monadnock in New Hampshire. 


Uplift and Rejuvenation 

Any land mass, no matter how large, will eventually be reduced 


to a low and featureless plain 
streams. At the present stage 
are few ^^modern’^ peneplanes, 



by the uninterrupted activity of 
in the history of the Earth there 
because so much of the Earth's 
crust has recently been elevated 
and tilted. Upraised peneplanes 
are common; they are found at 
elevations far above their orig¬ 
inal positions. For instance, the 
most widespread peneplane in 
North America is one that centers 
about Hudson Bay and stretches 
outward in all directions to in¬ 
clude practically all of central 
and eastern Canada and mu(;h of 


has invigorated the rivers and caused 
them to carve youthful valleys. 


the adjacent part of the United 
States. The entire area is char- 
acterized by a remarkably even 
skyline, that is broken only by 

_ occasional monadnocks. How- 

Fig. 16. REJUVENATION cver, the central part of this area 

The upper block shows a region dis- • ootyip 1 000 feet above sea level 
sected by young valleys. In the center ^ aoove sea levei 

diagram the valleys have been widened and is CUt by youthful valleys of 
and the divides reduced. The bottom I 

shows the effect of rejuvenation, uplift ^ new cycle. 

hM invigorated the rivers and caused When land is uplifted, the 

rivers, whatever their former 
slopes may have been, are given new life. Gradients are steepened, 
velocities increase, and erosion is rapid. The rivers are said to be 
rejuvenated. If a peneplaned region is raised up, the mature 
rivers will retain their courses; but in beginning a new cycle of 
erosion they will rapidly cut youthful, V-shaped valleys into the 
broad valley floors (Fig. 16). In many places there is distinct 
evidence of several uplifts of the land. For instance, land that is 
peneplaned may be elevated and then remain stationary until 
the rivers have carved mature valleys of a second cycle. Further 
uplift will result in a second rejuvenation and the erosion of 
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youthful gorges of a third cycle within the gentler valley carved 
during the preceding cycle. Scenery produced in this way is 
common in mountainous country; it is particularly well displayed 
in the Appalachians. 


River Deposits 

All the material cut from the land and carried away by the 
rivers must eventually be deposited. Floodplains and levees 
account for some of the de¬ 
tritus. Where streams leave 
their steep mountain canyons 
and come out onto gentle slop¬ 
ing plains, their velocity is 
suddenly diminished, and their 
ability to transport coarse-tex- 
tured waste is correspondingly 
checked. At such places great 



Fig. 17. alluvial fan 


quantities of sand, gravel, and cobbles are spread out in a 
fan-shaped pattern which slopes upward from its outer edge to 
the apex within the mouth of the canyon (Fig. 17). These alluvial 
fans, like the floodplains and other deposits found along the 
river’s course, are temporary features; the waste is halting on its 



The delta of the Mississippi is shown at the left, that of the Nile at the right. The 
s[)litting of the river into many branches is similar, but the Nile delta has a smoother 
margin. 


journey to the sea, which is the ultimate resting place of river- 
borne debris. 

Some of the river’s burden is carried in solution and adds to 
the salt content of the oceans. The solid particles accumulate in 
layers on the sea floor or else are piled up in the form of deltas. 
The Mississippi River is building its delta of mud and silt into the 
Gulf of Mexico at a rate of many acres per year. On less protected 
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coasts the waves and currents are robust enough to sweep away 
the d6bris as fast as it is delivered. It is then spread about upon 
the sea floor, more or less evenly, and goes to build up the deposits 
of the continental shelf. When muddy river water mixes with sea 
water, the dissolved salt (really ions) causes the finer, colloidal 
clay particles (p. 325) to form aggregates which settle to the 
bottom. The coarser fragments are deposited where the river 
enters the sea or comes into conflict with a rising tide within its 
mouth and has its current checked. As a result of these two 
processes, the bulk of the deposition takes place in the lower 
reaches of a river, and it thus may become partly (*hoked. For 
this reason the main channel splits up into a complex pattern of 
ramifying branches. This effect is particularly conspicuous at the 
mouths of the Mississippi and the Nile (Fig. 18). 

EXERCISES 

1. When a river, in cutting down, encounters a vertical mass of hard rock, 
why does it not excavate a lake basin on the upstream side? Wliy docs it not 
find a different course around the barrier? 

2. Suggest methods for reducing the danger from floods in the lower Missis¬ 
sippi. 

3. What conditions are necessary for a well that is to supply water throughout 
the year? 

4. Suppose a mature river has five cut-offs each year, and that each cut-off 
causes ten miles of the river^s course to be abandoned. Will the river shorten its 
course 50 miles per year? Explain. 

5. Water is removed from a mature river for irrigation. What will be the 
effect upon the river? 

6. Will the seaward slope of a beach maintain the same angle if the beach is 
attacked by waves that are (a) larger than average, (b) smaller than average? 
Explain. 


SUGGESTED TOPICS FOR FURTHER STUDY 

The topography of the ocean floor Water gaps and wind gai)S 
Superimposed and antecedent streams Government dams in the United States 
River piracy The liistory of Niagara Falls 

Deltas The composition of the ocean 
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chapter XV 


The Work of Wind and Ice 


Deserts and the regions that are covered by ice and snow dis¬ 
play topographic features markedly different from those that pre¬ 
vail where moisture is abundant and the temperatures arc cither 
moderate or warm. In deserts the rivers are widely separated, and, 
although they play an important part in carving the landscape, 
much of the geologic work is performed by wind. In regions of 
perpetual snow, erosion and deposition are carried on by glaciers, 
moving bodies of ice. 

Aridity 

An arid climate is one with less than ten inches of rainfall a 
year; semi-arid ones are those in which the annual rainfall lies 
between ten and twenty inches. These figures are somewhat 
arbitrary, for the distribution of rain by months is nearly as im¬ 
portant as the total rainfall in determining the type of climate. 
Many of the world’s great deserts, notably Arabia and the Sahara, 
owe their dry climates to their position in the trade-wind zones. 
As the trades approach the equator the air temperature rises, and 
consequently the relative humidity decreases. Thus, instead of 
bringing available moisture, the winds increase their capacity to 
absorb water, and hence they have a drying effect. Aridity also 
results when the prevailing winds are robbed of their moisture in 
crossing high mountain barriers. Nevada is not far from the 
Pacific Ocean, but it is dry because the prevailing westerlies lose 
much of their moisture in passing across the Coast Ranges and 
the Sierra Nevada. 

In dry regions, nearly all rivers are intermittent. Permanent 
streams are rare, not only because of the light rainfall but also 
because the water table is usually far below the surface. In deserts 
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many streams dwindle and die before they reach the lower ends of 
their slopes. Much of their water is lost through evaporation, 
and much seeps into the loose sands and gravels of the desert floor. 





Fig. 1. CONTRASTED LAND FORMS IN ARID AND HUMID CLIMATES 
The features on the left are sharper than those on the right, for the rock outlines 
of the latter are concealed by soil. 


Typical desert landscapes are characterized by sharp corners 
and angular profiles, by bare rock ledges and plains veneered with 
gravel. The mesa and the canyon (Figs. 1 and 2) arc common 
land forms, and broad sheets of loose rock detritus occur at the 
foot of nearly every slope. All of these features may be attributed 

to the scarcity of soil and veg¬ 
etation, which in turn results 
from the scarcity of water. 
Wherever rock is exposed at 
the surface of the Earth, under 
any climatic conditions, it is 
subject to the attack of the 
atmosphere. In time even the 
least susceptible rocks suc¬ 
cumb to the chemical and 
physical changes brought on 
by the air, and they are 
broken down to form rubble, 
sand, or dust. In humid regions, except on the steeper slopes, 
this detritus is bound together by moist clay to form soil and is 
further anchored by a more or less continuous mat of vegetation. 
As the process continues, soil becomes thicker and serves to pro¬ 
tect the rock below from the work of the atmosphere. In the 



Fig. 2. erosional remnant in an 

ARID REGION 

Photograph by E. N. Cameron. 
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desert, on the other hand, the products of rock-wasting form a 
loose, uncompacted aggregate, and whenever rain does fall the 
debris is swept down the slopes, and thus the rocks are exposed 
anew to the attack of the atmosphere. The relatively gentle 
slopes and rounded profiles that are usual in a moist region are 
due to the cover of soil that conceals the angular outlines of the 
rocks that lie below. 

One further characteristic should be noted: in the desert the 
wind is an effective agent of erosion and transportation, for it can 
pick up the loose fragments, use them as a sand-blast, grind them 
down to finer sizes, pile them up to form sand dunes, transport 
them and deposit them times without number until ultimately 
they are dropped beyond the borders of the desert. 

Wind Work 

Where there are little water and vegetation, the wind is an 
important agent of erosion, transportation, and deposition. Dust 
is always present in large quanti¬ 
ties in the air above arid places. 

A fresh breeze picks up fine sand 
grains and moves them along, 
and a strong wind may blow 
gravel along the ground. Sand 
particles, driven by the wind, 
have a vigorous erosive action, 
and rocks exposed to a sand¬ 
blast are smoothed and polished. 

The abrasion is most effective 
for a foot or two above the 
ground, for the wind is seldom 
strong enough to raise coarse 
particles to a higher level. Some¬ 
times rocks may be cut away 
at the base until they are left 
in a precariously balanced con¬ 
dition (Fig. 3 D). Similarly, telegraph poles are cut off close to 
the ground. 

In regions where loose sand is abundant, it may be piled up into 
small hillocks called dunes (Fig. 3 A,B,C). If the wind is largely 
confined to a single direction, the dunes are driven across country. 



y ♦ # # 

Fig. 3. wind work 
Aj dunes in profile, showing succes¬ 
sive positions as they migrate. B, 
crescentic dune, plan. C, the same, 
oblique view. Z>, a balanced rock, its 
support is being removed by wind abra¬ 
sion. E, progressive rounding of wind- 
borne sand grains. 
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Marching dunes usually take the form of asymmetrical ridges, 
with a comparatively gentle windward slope and a much steeper 
slope to leeward. Their movement, is effected by the wind picking 
up sand grains from the windward side and carrying them up to 
the crest, where they are dropped and roll down the leeward 
slope. The rate of travel is determined by the size of the dunes 
and the strength of the wind; usually they march forward a few 
yards each year. Advancing dunes have been known to bury 
forests, towns, and thousands of square miles of farming country. 
As they pass on, they leave the land dead and useless. When their 
development is not molested by shifting wind currents, they often 
display a marked crescentic pattern (Fig. 3 A,B,C); otherwise 
they appear as irregular formless hills. It must not be thought 
that all deserts are sandy areas, for though it is true that dunes 
reach their greatest development in arid phu-es, nevertheless the 
typical desert landscape is comprised of bare rock and gravel. 

Sand grains transported by the wind attain a much higher 
degree of rounding than water-worn particles, and may acquire 
an almost spherical shape (Fig. 3 E). Their surfaces are usually 
covered with tiny pits, so that they resemble frosted glass. This 
feature serves to distinguish between wind-laid sands and those 
that have been transported by water. 

Soil Erosion 

In semi-arid regions, where there is just enough moisture to 
support a sparse cover of vegetation, the slopes and the soil itself 
lead a precarious existence. These conditions are well exemplified 
in the “marginal” lands of the High Plains, the country that lies 
to the east of the Rocky Mountains, which have occasioned so 
much discussion in the past few years. The availability of such 
country depends upon the preservation of the soil, and the perma¬ 
nence of the soil depends in turn upon the vegetation. Several 
causes may lead to the destruction of the plant cover: a few years 
of exceptional drought, overgrazing, grass fires, and injurious 
plowing. When the plant cover is destroyed, the first heavy rain 
forms rivulets down the slopes; as these cut deeper they form 
gulleys, which are really new valleys on a small scale (Fig. 4). 
Each succeeding rain enlarges the gulleys, downward and laterally; 
at the same time succeeding rains erode their heads back farther 
up the slope. Soon the soil is completely washed away, leaving a 
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loose and barren subsoil of partly altered rock fragments. Once 
the soil is lost over a large area it can never be restored by man. 
With the loss of the plant cover, floods increase in both number 
and violence, for there is no vegetation to absorb and check the 
moisture. Furthermore the supply of waste delivered down the 
slopes to the rivers not only increases in amount but becomes 



Fig. 4. frbshcy cut GULi.Eys 

With succeeding rains the surface of the slope may be completely destroyed. 
Courtesy of the American Museum of Natural History. 


coarser in texture as the subsoil follows after the soil. In this 
manner the streams become loaded with waste and ultimately 
choked. Reservoirs are filled by the d4bris, and streams that were 
once navigable become too shallow for use. Lastly the loose par¬ 
ticles left lying unanchored on the surface of the land supply the 
materials for dust storms. 

The destruction of soil has become so serious in the United 
States in the last few years that the Federal and State Govern¬ 
ments have embarked on an extensive program to prevent further 
inroads. Much can be done to insure the proper use of the land 
by refraining from plowing critical areas, by certain types of 
planting, and by limiting the number of animals on a given graz- 
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ing area. The damage that results from insxifficient rain is, of 
course, beyond the control of man. The end-stage of soil erosion 
and gulleying is displayed by the badlands, country that is com¬ 
pletely cut into a complex pattern of ravines separated by sharp 
divides (Fig. 5). 



Fig. 5. badlands 

Courtesy of the American Museum of Natural History. 


Glaciation 

Glaciers occur wherever the land has a perpetual cover of 
snow, wherever the snowfall is in excess of melting and evapora¬ 
tion. The lower limit of the permanent snow cover is called the 
snowline; actually it is a zone, for the snowline is subject to 
considerable fluctuation. In high latitudes the snowline may 
descend to sea level; but as the equator is approached, it is found 
at increasingly higher altitudes. For instance the ice sheets of 
Greenland and Antarctica push out beyond the margins of the 
land and float out into the sea as solid masses of ice. On the other 
hand, Mt. Kilimanjaro, which lies' just south of the equator in 
Africa, has snow only near its summit, which rises to a height 
of 19,000 feet above the sea. 

The presence of glacier ice does not depend solely upon temper¬ 
ature, which varies roughly with latitude and altitude, but it also 
requires suflScient precipitation. Parts of Siberia are colder than 
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any other portions of the Eurasian land mass, but they lack 
glaciers because the climate is too dry. 

Glacier ice is formed by compaction when snow Ls piled up 
deeply enough to supply the necessary vertical pressure. The 
change from fresh fluffy snow to massive ice is not a direct one; 
below the snow and above the ice there lies a coarsely granular 
material resembling a snowbank that has experienced several 
days of alternate freezing and melting. When ice accumulates 
in sufficient thickness it begins to flow; only then may it be 
described as a glacier. 

Ice 

Ice is a true solid and so possesses a crystalline structure. Un¬ 
like most substances, the solid phase is less dense than the liquid, 
and for this reason ice floats. If this were not the case, ice formed 
on the surfaces of seas and lakes would sink to the bottom, so 
that polar seas and the lakes of high latitudes would be frozen 
solid. Ice expands and contracts with an increase and decrease 
of temperature. If the temperature falls after the surface of a 
lake has been frozen, the shrinkage gives rise to tensional cracks. 
These are soon healed by the freezing of water that fills them. 
With rising temperature, the ice cover becomes too large for the 
lake surface and so arches upward to form presstire ridges. Ice 
responds more rapidly to external temperature changes than does 
water, as its specific heat is approximately half that of water; 
however, it is an effective insulator and so retards the escape of 
heat from the ice or water that lies below. 

With increasing pressures, the melting point of ice is lowered. 
Hence, the bottom layers of a thick glacier must be colder than 
0°C in order to remain solid. When sufficient pressure is apphed 
to ice, melting occurs at the point of application. When the 
pressure is withdrawn, the film of water immediately freezes. 
This property, known as regelation, makes skating possible. The 
entire weight of the skater is concentrated upon the very small 
area of contact between the blade of the skate and the ice; the 
pressure caxises melting, and the skater glides forward, not on 
ice, but on a thin film of water. This principle is important in 
the flow of ice. Even though a glacier consists almost entirely 
of crystalline solids, it flows downhill as though it had the con¬ 
sistency of pitch or dough. The movement is partly accounted 
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for by the regelation of the individual ice crystals. The process 
is thought to operate as follows: crystals which are under sufficient 
pressure may be partially melted, and a thin film of water may 
be produced. Water thus formed will migrate to positions of less 
pressure, where it will again freeze. In general this will result 
in the downstream migration of ice granules. Another factor that 
permits ice flow is the presence of glide planes within the crystals; 
under pressure the several portions of a crystal may slide across 
each other, just as the top members of a pack of cards may slide 
across the lower ones without the deck being torn. 

Valley Glaciers 

In many high mountain ranges, notably the Alps, Himalayas, 
the Canadian Rockies, and the mountains of Alaska, the valleys 



Fig. 6. taku glacijrr, alaska 
Photograph by United States Forest Service. 


are occupied by long, sinuous tongues of ice. These are the valley 
glaciers (Fig. 6). In many ways they are similar to rivers, partic¬ 
ularly in their function, which is to drain a region of its precipita¬ 
tion. Such glaciers are always found in valleys which they have 
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inherited from an earlier and wanner epoch. Climates do not 
change suddenly, and it requires many years of gradual refrigera¬ 
tion for a glacier to form and move downstream until it comes to 
occupy the entire valley. 

As the glacier moves forward down the valley, its end usually 
terminates far below the snowline. The position of its front is 
determined by the rate at which the ice is advancing and the 
rate at which the front is being melted back. If these opposing 
tendencies remain in an approximate state of balance, the end of 
the glacier may keep the same position for many years, in spite 
of the constant forward flow of the ice. A few successive years of 
cool summers and heavy winter snows will cause the ice front to 
advance farther downstream. Conversely, warm summers and 
mild winters drive the end of the glacier upstream. 

Transportation 



Most glacders carry with them a large (juantity of rock. Much 
of this load represents fragments that have been torn and gouged 
from the bottom and sides of the 
channel and so become mingled with 
the i(«. Some is carried on the sur¬ 
face, where it has been delivered by 
rockslides and avalanches from the 
valley walls above. Debris is partic¬ 
ularly abundant along the sides, 
where it may form a train of waste 
that completely buries the ice. 

When two glaciers converge, the de¬ 
tritus on the inner sides where the 
ice streams join unites to form a 
single band (Fig. 7 B). 

Waste carried by glaciers may be 
of any size, and its amount is inde¬ 
pendent of the velocity of the ice. The fragments are not rounded, 
and the only noticeable shaping that occurs is the faceting, the 
smoothing and polishing that follows when a rock held firmly by 
the ice is scraped along the rock floor. In contrast with a stream, 
in which the size of the particles carried is limited by the velocity 
of the water, a glacier may carry boulders weighing several 
hundred tons. 


Fig. 7. surface moraines and 

CREVASSES 

Af lateral moraines. B, medial 
moraine. C, transverse crevasses 
(note their change in pattern as they 
move downstream). D, marginal 
crevasses. 
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Crevasses 

Crevasses are open cracks in glaciers. When the ice encounters a 
steeper part of its course, the upper part of the glacier is stretched 
and cracked open (Fig. 7) to form transverse crevasses. When 
first formed, these crevasses are fairly straight and lie across the 
glacier at right angles to the direction of movement. However, 
the ice flows faster near the center, so that they are soon bent 
into a bow-like pattern, convex downstream. The marginal 
crevasses, which are distributed along the sides of a glacier, 
result from stresses that are set up by the different rates of flow; 
ice along the sides of the glacier is retarded by friction with the 
walls of the channel, and the faster flow of the center results in 
tearing between the two parts. 

Erosion 

Glaciers erode far more vigorously than rivers, because ice is 
rigid enough to hold rock fragments in a firm grasp. These are 



Fig. 8. origin of u-shaped glacial troughs 
Left, the original valley. Center, the valley modified by the glacier that occupies it. 
Right, the trough as seen after the glacier has melted. 



the tools with which it erodes. As it moves forward the glacier 
acts as a gigantic rasp, scraping, grooving, and polishing the 
rocky walls of its channel. If the rocks along its course happen 
to be cut by fractures, the glacier frequently plucks out blocks as 
large as a medium-sized dwelling. Most of the d4bris is carried 
along the sides and bottom of the’ice, so that the sole of the 
glacier is constantly being supplied with cutting tools. 

A cross section through a valley glacier has the form of a 
widely open U (Fig. 8). This form, of course, becomes apparent 
only after the ice has disappeared and revealed the channel in 
which it flowed. This shape is the one that permits the flow of 
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ice with a minimum amount of friction and is produced through 
erosion as the ice modifies the former river course. It must be 
emphasized that the U-shaped trough represents the ice channel. 
The sides of these troughs are usually steep and sometimes 
smoothed and polished; their floors are gently curved, and they 
terminate above at their line of intersection with the upper 
slopes of the original valley. Such troughs are the most conspicu¬ 
ous criteria of former glaciation that can be found in a moun¬ 
tainous region. 

If we are required to drain two tanks of equal volume in the 
same time, the tank that contains molasses requires a larger out- 




FiG. 9. GLACIAL EROSION IN MOUNTAINS 

Left, cirques and glacial troughs scoured in mountain side. Right, a horn formed by 
opposing cirques. The sharp ridges separating adjacent cirques are aretes. 

let than the one that holds gasoline. Thus it happens that the 
area of the cross section of a glacier is many times larger than 
that of the river channel which formerly occupied the same val¬ 
ley (Fig. 8). In each case the amount of drainage is approxi¬ 
mately the same; but water is a nimble fluid and flows rapidly, 
whereas glaciers, flowing as plastic solids, move forward only a 
few feet a day. 

The head of a valley glacier occupies a large, amphitheater¬ 
like depression called a cirque (Fig. 9). This is the principal 
gathering ground for snow. After a change in climate has dis¬ 
sipated the ice, the form of the cirque is revealed as that of a 
teacup with one side broken away. As long as glaciation persists, 
the cirque continues to grow larger by the plucking of rock from 
its walls; after the ice has vanished, it may be further enlarged 
by the gradual loosening and falling of rock. Cirques and closely 
related features are the typical elements of Alpine scenery; the 
knife-edge ridges are produced by the intersection of two cirques, 
formed on opposite sides of the divide which separates them 
(Fig. 9). When the sharp divide itself is reduced, the low place 
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that is left becomes a mountain pass in the post-glacial epoch. 
Sharp mountain peaks of the Matterhorn type, with their char¬ 
acteristic triangular faces, are shaped by three or more opposing 
glaciers. The peak is left because glaciation has been arrested 
before the rocky remnant has been totally destroyed. 

Continental Glaciers 


Not long ago, as Earth history is measured, much of northern 
Europe and of northeastern North America lay buried below 
vast sheets of ice. In these two regions the conditions were very 



Fig. 10. PLEISTOCENE GLACIATION 


IN NORTH AMERICA 

The map indicates the maximum spread 
of the ice; the arrows show the approximate 
direction of its movement. Local glaciation 
in the Rockies and Sierra Nevada is not 
indicated. 


similar to those that prevail 
on Greenland and Antarctica 
today. Such extensive glacia¬ 
tion naturally implies a cli¬ 
mate that was colder than 
the present. 

The behavior of continental 
ice sheets is different from 
that of valley glaciers; the 
former spread out in all direc¬ 
tions over a wide area and are 
not confined to a single direc¬ 
tion of flow. Furthermore 
they are more or less inde¬ 
pendent of the topography. In 
North America the ice moved 
outward from various centers 
(Fig. 10), so that although 
the ice advanced southward 
in the United States, its move¬ 
ment in northern Canada was 
toward the Arctic Sea. 


In some places the evidence shows that the ice was between 
four and five thousand feet thick. Consequently, all but the 
highest irregularities of the land were buried. Movement in ice 
of such thickness also accounts for the boulders which are some¬ 


times found high above the sources from which they were derived. 
Active motion in a continental glacier is confined to a relatively 
narrow marginal zone; the inner portion, particularly near the 
bottom of the ice, remains more or less stagnant. Forward mo- 
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tion results from the accumulation of snow which squeezes the 
ice front outward. 

Erosion by ice sheets seldom leaves results as conspicuous as 
the channels worn by valley glaciers. As the sheet advances across 
level ground, it picks up the loose material at the surface and 
polishes the outcrops, but it seldom scours deeply into the solid 
rock. One exception to this general rule is worth noting; when a 
tongue of ice follows a valley that lies in the direction of ice flow, 
the valley may be deeply eroded. The Finger Lakes of central 
New York are former river valleys that have been scooped out 
to form glacial troughs. 


Glacial Deposits 

Deposits laid down by continental glaciers are important in 
that they produce a great variety of surface forms, change the 
type of soil, and very fre¬ 
quently destroy or markedly 
alter the system of drainage 
that existed before the ad¬ 
vent of the ice. Glaciers de¬ 
posit two types of material: 
till, which is laid down di¬ 
rectly by the ice, and the 
fluvioglacial deposits, which 
consist of detritus that set¬ 
tles from escaping melt¬ 
water. 

Till is either deposited 
when the ice melts or else 
is spread out below the mov¬ 
ing glacier when the bottom ice becomes burdened with too 
much debris. The dominant character of till, by which it can 
nearly always be recognized, is its almost complete lack of 
system or arrangement. The particles vary widely in size; 
boulders as big as a house are fairly conamon (Fig. 11), and, at 
the other extreme, there is always a large amount of clay. In 
most places these different-sized fragments are dumped together, 
completely unassorted. Furthermore, there is no layered struc¬ 
ture such as characterizes deposits laid down by rivers or in the 
sea. While it is sometimes possible to find pebbles or boulders 



Fig. 11. GLACIAL BOULDER IN YELLOW¬ 
STONE PARK 

Photograph by A. D. Howard- 



272 


PHYSICAL SCIENCE 


that have one or more polished surfaces, most of the fragments 
have not been shaped during their journey in the ice. The pebbles 
usually represent many different rock types, and they may be 
entirely different in composition and structure from the rock 
upon which the till is resting. Usually the pebbles include samples 
of the different rocks over which the glacier has passed, although 
most of the till consists of fragments that have not travelled far. 

Moraines 

Till deposits are known as moraines, and the most widespread 
of these is groimd moraine (Fig. 12). As the glacier advances, 
scraping the surface of the land, the bottom of the ice becomes 



The rolling country to the left and center is ground moraine, it is interrupted by 
drumlins and extends to the range of low irregular hills, the terminal moraine. The 
level region to the right is an outwash plain. 


overloaded with soil and rock fragments. When this burden 
becomes too great and is dropped, the ice proceeds to ride over 
it and smooth it out. Ground moraine is also left as the ice-sheet 
melts. Since it is deposited in a planless fashion, the ground 
moraine has an uneven surface, with rounded hillocks and hollows. 
Moraine country is typically undulating, without sharp angles, 
but nevertheless irregular and liunpy. Lakes and swamps are 
abundant, because most of the hollows are not connected and 
have no outlets. New England is largely covered by a veneer of 
ground moraine, which accounts for its notoriously bouldery 
soil. Glaciation removed its earlier cover and substituted till. 

Associated with the ground moraine and also composed of till 
are the drumlins. These are low, oval, rounded hills. They usu¬ 
ally occur in clusters and are so arranged that the longer axes are 
parallel. While there is some disagreement as to their origin, it 
is safe to say that they are formed of till which has been dumped 
and overridden, so that their elongation lies in the direction of 
ice movement. Bunker Hill and the similar forms about Boston 
are drumlins. 

If the front of a valley glacier or an ice-sheet remains station¬ 
ary, its position is marked by a ridge of till that continues to 
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grow as long as the ice front neither advances nor retreats. The 
deposit is known as a terminal moraine. It accumulates through 
d4bris shding forward from the sloping front of the ice and by the 
addition of materials which are dropped as the ice melts. Appar¬ 
ently the equilibrium between melting and the forward motion 
was maintained for a long time after the ice reached its southern 
limi t in the United States (Fig. 10), because the farthest advance 
of the ice is in many places marked by a pronounced terminal 
moraine. The topography of these deposits is uneven and hap¬ 
hazard. Though essentially ridge-like, the surface is lumpy and 
knobby and the sides steep. In plan, the terminal moraine con¬ 
sists of crescentic loops, convex in the direction of ice advance. 


Fluvioglacial Deposits 

Although most ice-borne debris is deposited directly by the 
glacier, a large amount is distributed beyond the ice front by escap- 



Fig. It3. pro-glacial lake and banded lakp: clays 
The lake is confined between the terminal moraine to the right and the ice front to 
the left, the thickness of the individual clay layers on the lake floor is greatly ex¬ 
aggerated. 

ing melt-water. These fluvioglacial deposits differ considerably 
from till in that they display a rough assorting. Water flowing from 
a subglacial stream channel may be transporting fragments of dif¬ 
ferent sizes; but, on leaving the ice, the coarser particles will be 
dropped first, and the finer material will be carried farthest. Usu¬ 
ally the sands and gravels are spread out in front of the ice in 
sufficient abundance to fill up or bury minor irregularities in the 
landscape, so that a gently sloping surface results. This is the out- 
wash plain (Fig. 12). The southern half of Long Island owes its 
level topography and porous sandy soil to this origin. 

During the retreat of continental glaciers, the melt-waters may 
be dammed between the ice front and the terminal moraine, or 
some other relatively high ground, to form a temporary body of 
standing water, a pro-glacial lake (Fig. 13). Since most of the 
melting occurs in the warm months, each summer will liberate a 
quantity of the glacier^s burden, and the lake waters become 
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charged with clay. Thus each summer an additional layer of 
clay is deposited on the lake bottom, while the clay deposited 
during the winter forms a much thinner coating. Warm years, 
because of the amount of melting, will be marked by relatively 
thick beds of clay; cooler years, on the other hand, may add only 
a thin layer. Each of these annual deposits is known as a varve 
(Fig. 14). 

A careful study of varves from a series of ancient lakes yields 
valuable information. Not only does the number of varves at a 



Fig. 14. vaeved clays 

Courtesy of the Americtan Museum of Natural History. 


given locality indicate the number of years that the lake existed 
in that place, but it also gives a record of the fluctuations in 
climate. Two lakes that were contemporaneous through part of 
their history contain records of seasons that can be matijhed by 
the relative thickness of the varves. By a careful comparison of 
all of the pro-glacial lake floors within a region, it is sometimes 
possible to obtain a complete series -of varves, from the earliest 
one in the most ancient lake to the uppermost varve in the most 
recent lake. This information gives the number of years during 
which the ice-sheets were retreating across the region being 
studied. By such a method the retreat of the last sheet has been 
traced from central Germany to the northern part of Scandinavia. 
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The task is not yet complete, but enough has been done to permit 
a fair approximation of the time involved in the retreat, about 
25,000 years. Studies of the same sort are now under way in 
this country but are still far from complete. 

Multiple Glaciation 

Glaciation endures only as long as low temperatures and ade¬ 
quate precipitation permit. When the climate ameliorates, the 
ice front retreats and the entire ice-sheet may become stagnant 



Fig. 15. evidence of multiple glaciation 
The two layers of till are separated by interglacial sediments. Note that the lower 
till has been eroded and deeply weathered, as indicated by the fainter symbols. 


and melt. With a return of the cold, a new ice-sheet forms and 
marches outward from its center of dispersal. 

In the comparatively recent history of both North America 
and Europe, there have been four great advances of the ice, each 
followed by a retreat. The geologic time occupied by the advances 
and recessions is known as the Pleistocene, and its duration is 
conservatively estimated at about a million years. Some of the 
interglacial epochs, the intervals between the advances, lasted 
longer than the glacial epochs which they separated; also there 
were times in the interglacial epochs when the climate was 
warmer than that which prevails at the same latitudes today. 
This is determined by the remains of semi-tropical organisms 
farther north than they occur at the present time. 

The evidence for multiple glaciation must be pieced together 
from several places. In no single locality is the record complete, 
for glacial deposits, consisting of either loose or poorly consoli¬ 
dated materials, can readily be removed by erosion, particularly 
on steep slopes. In parts of Iowa and some of the adjacent states, 
it is possible to find two or more distinct ground moraines sep¬ 
arated by stream or lake deposits (Fig. 15). The time that has 
elapsed since the waning of the last ice-sheet is very short in 
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comparison with the length of Pleistocene time, or even as com¬ 
pared to the length of a single interglacial epoch (Fig. 16). 
Whether the future may hold another readvance of the ice, or 
possibly several more, cannot be predicted from our present 
knowledge. 

When, about a century ago, it was first demonstrated that 
much of the Earth had recently lain beneath a heavy cover of 
ice, glaciation was generally attributed to a gradual loss of heat 
from the interior of the Earth. Surely, the world and its inhab¬ 
itants were doomed to freezing in the near future. Since that 


First 

glaciation 


The present^ 


First inter¬ 
glacial epoch 

Fig. 


TIME 


16. GLACIAL EPOCHS OF THE PLEISTOCENE 
The glacial epochs arc indicated by solid black, the unshaded portions are the inter¬ 
glacial epochs. 


time many records have been 'discovered of glaciations that 
occurred much earlier in the Earth’s history. Not only does the 
evidence for extensive glaciation go back to extremely early 
times, but some of the former ice-sheets were far more widespread 
than those of the Pleistocene. 


Causes of Glaciation 

It is possible to enumerate many factors which tend to decrease 
the temperature, but no single cause seems adequate to account 
for the refrigeration necessary to bring on a glacial epoch. It 
seems more probable that glaciation occurs as a result of several 
simultaneous changes that promote cooling. We know that the 
two most extensive glaciations coincided with times of general 
uplift of the lands, the critical periods referred to in the previous 
chapter. When continents are elevated, the general increase in 
altitude makes for cooler climate. At the same time the land 
masses are made broader, and the interior regions are still farther 
removed from the moderating influence of the ocean. Thus the 
climates take on a more continental aspect, and greater ex¬ 
tremes of cold, heat, and aridity become possible. In this way 
general elevation of the land may be a contributory cause in 
glaciation. 

Another hypothesis appeals to a change in the eccentricity of 
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the Earth’s orbit, so that the winters in certain regions may 
change in length. 

Colder climates may possibly result from atmospheric changes. 
When explosive volcanoes are active, the air becomes highly 
charged with fine dust. If enough dust is present, it serves as a 
barrier to solar energy by reflecting away radiation before it 
reaches the Earth’s surface. It has been postulated that a reduc¬ 
tion of the amount of carbon dioxide in the air would also tend 
to lower the temperature of the Earth. Carbon dioxide, like 
water vapor, is transparent to light rays but absorbs heat. Thus 
it permits the Sun’s light to fall upon the Earth but traps part 
of the heat radiated from the surface, and in this way it tends to 
act as a thermal blanket. Although the percentage of carbon 
dioxide in the atmosphere is slight, it is perhaps significant that 
the most extensive glaciation followed immediately after the 
time when most of the world’s supply of coal was formed and 
locked away within the rocks, in other words, when much of the 
carbon dioxide was removed from the air and converted to solid 
carbon compounds by organic processes. 

Results of Glaciation 

Apart from the sharp forms that result from ice sculpture of 
mountains, the most notable change produced by glaciation is 
the general disruption of the drainage. Large rivers may be 
pushed out of their courses and forced to carve new channels and 
valleys. New and temporary rivers flow from the melting ice. 
When the ice disappears, these streams may either continue the 
courses established during glaciation or may abandon their chan¬ 
nels. Many of the old river courses are either partly or wholly 
choked by glacial debris. Furthermore, much of the countryside 
is covered with loose unanchored deposits, and the rivers are 
thus supplied with more waste than they can effectively handle. 
Lakes and swamps are numerous, partly because so many stream 
channels are dammed by moraines and partly because both 
glacial erosion and glacial deposition leave many undrained de¬ 
pressions. 

The soil also is changed. Some places owe the sterility of the 
ground to glacial deposits; other localities, particularly those on 
the clays of pro-glacial lakes, rejoice in extremely productive 
soil. 



278 


PHYSICAL SCIENCE 


The ice that is piled up on the land during glaciation has its 
ultimate source in waters of the ocean. It has been estimated by 
Professor Daly of Harvard that, as a result of Pleistocene glacia¬ 
tion, the strand line was everywhere lowered about 200 feet. 
Melting of the ice restores the water to its former level. Further¬ 
more, the weight of the i(^e is thought to bring about a depres¬ 
sion of the lands to a slightly lower altitude. When this load 
is removed, the land is free to rise to its original position; 
but this readjustment seems to take place in a somewhat 
spasmodic, jerky fashion. The minor earthquakes which occa¬ 
sionally affect New England are attributed to such continuing 
readjustment. 

It is difficult to appreciate fully the effect of continental glacia¬ 
tion upon life. Glacial times are times of stress in the organic 
world. The climate becomes inhospitable; food is scarce. Plants 
and animals must either adapt themselves to new conditions, 
migrate elsewhere, or perish. Each major glaciation has caused 
the extinction of many groups of organisms. The survivors are 
those which have been able to adjust themselves to new and 
adverse circumstances. 


EXERCISES 

1. Why do sand grains, carried by the wind, become more perfectly rounded 
than those transported by water? 

2. What evidence would convince you that a level region had formerly been 
covered by ice? 

3. How could you make sure that a certain mountain range had not been 
glaciated? 

4. If the ice of Greenland and Antarctica should melt, what effect, if any, 
would this have on the rest of the world? 

5. Could a valley glacier attain a condition of equilibrium analogous to that 
of a graded river? Explain. 

6. On what variable factors does the velocity of a valley glacier depend? 

7. What becomes of the water set free by melting at the surface of a valley 
glacier? 


SUGGESTED TOPICS FOR FURTHER STUDY 


The cycle of erosion in arid regions 
Climates of the world 
The migration and control of sand dunes 
The origin and structure of loess 


Icebergs 

Alaskan glaciers 

The origin of the Great Lakes 

Pre-Pleistocene glaciation 


The ice-sheets of Antarctica and Greenland 
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chapter XVI 


Chemical Changes 


At this point it is appropriate to explain the concept of chem¬ 
ical change and to show how it differs from the physical changes 
which have already been discussed. Physical changes, brought 
about by a change in conditions, may produce change in form; 
but there is usually no alteration of the fundamental nature of the 
molecules composing a material. They merely undergo change in 
packing or distribution. Thus as the result of removing heat from 
water at 0°, ice is formed; and by reintroducing the heat, the 
change is reversed. Both water and ice are made up of the same 
sort of molecules. When chemical changes (also called chemical 
reactions) take place, new atomic groupings appear; i.e., new sub¬ 
stances with their own characteristic qualities are produced. It 
is this that makes the study of chemical changes so important 
from the practical point of view. In recent times man has not 
only prepared substances that are also supplied by nature, but 
he has succeeded in controlling chemical changes so as to produce 
new, artificial materials of great value. 

It is not known when or where man first induced chemical 
change, but it was undoubtedly by sheer accident. The early 
Egyptians were famed for their knowledge of the art of producing 
colors, gold, glass, vinegar, and other substances that are now 
produced by the chemical industries. Much of this early in¬ 
formation was lost in the general decline during the Middle Ages, 
but most of what was lost was rediscovered by the alchemists of 
the sixteenth and seventeenth centuries. Some of these colorful 
characters were frauds, but others worked in a truly scientific 
manner and added no little to the store of information that was 
later to become the science of chemistry. 

When one reviews the history of chemistry, one thing stands 
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out as having been a working rule almost from the be ginning . 
It is that the material making up one or more substances, without 
ceasing to exist, may be changed into one or more different sub¬ 
stances. Thus when iron and sulfur are warmed together to about 
200°C, a vigorous reaction ensues in which both are converted 
to a dull-black substance, iron sulfide. Neither the iron nor the 
sulfur can be recognized in this material, yet it is made up only 
of atoms of these two elements. The above “working rule” is 
now recognized as the cornerstone of chemistry and is called the 
law of chemical change. 

During past centuries much chemical experimentation was 
carried on in the hit or miss fashion. By mixing together all 
manner of things, the alchemists sought to produce the “Philos¬ 
opher’s Stone” which would change baser metals into gold, or 
the “Elixir of Life” to rejuvenate the old. Occasionally these ex¬ 
periments led to discoveries of some importance, although, need¬ 
less to say, the “Philosopher’s Stone” and the “Elixir of Life,” as 
they existed in the minds of the alchemists, were never found. 

As information accumulated, it became possible to bring a 
certain amount of reasoning to bear upon the results and actually 
to plan experiments that were likely to yield the material sought 
for. Toward the end of the eighteenth century enough facts had 
been gathered to establish the fundamental laws of combining 
proportions by weight in chemical changes (p. 284 et seq.). 
Simultaneously the technique of examining and producing things 
in a scientific way had been developed to the point where it 
could truly be said that chemistry had become a science rather 
than an art. From then until now progress has been rapid, and 
it will be the purpose of the next few chapters to review some of 
the important laws and h 5 q)otheses that have been developed in 
this period. Later, in Chapter XXIV, some recent discoveries of 
great practical value will be discussed. 

Mixtures and Compounds 

In order to understand the significance of the fundamental laws 
of chemistry, it is necessary to learn the technical meanings of 
certain words and to examine the methods of experimentation 
that led to the formulation of the laws. To begin with, it will be 
necessary to study substances carefully in the physical sense, so 
that they may be described and classified according to the qual- 
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ities which they possess, viz., color, density, melting point, boiling 
point, crystal form, solubility, etc. These are called specific 
physical properties. Once they are known, it is easy to use them 
in identifying a substance, since the specific physical properties 
remain constant. For example, a piece of pure quartz (rock crys¬ 
tal), no matter where found or of what size, is always colorless 
(transparent), always has a density of 2.65 g/cc at 25°C, a melting 
point of 1710°C, lacks the quality of dissolving in water, and 
possesses many other characteristic properties which enable us to 
recognize the substance as quartz. Similarly sodium chloride, 
common table salt, has its own set of specific physical properties 
by which, it may be identified. A few of these are: colorless, 
density 2.16 g/cc at 20°C, m.p. 804°C, soluble in water to the 
extent of 36 g per 100 g of water at 25°C. 

Chemists are continually accumulating information about the 
specific physical properties of substances, so that they may use 
it for purposes of identification and separation. This carries 
with it the ability to tell whether one is dealing with a single sub¬ 
stance or a mixture of substances. In the former, only one definite 
set of properties will be observable, those due to the single sub¬ 
stance; in the latter, each substance exhibits its own unique 
properties. This may be demonstrated by making a mixture of 
white sand and sugar. Upon casual inspection the mixture ap¬ 
pears to be made up of only one kind of material; yet if we observe 
a little of it under the microscope, we immediately perceive two 
different crystalline forms. The differences in physical properties 
of the components of this mixture also enable us to separate the 
two substances again; for example, we may dissolve the sugar 
out of the mixture by means of water. 

Inasmuch as the physical properties of most substances vary 
with changes in temperature and pressure, it is necessary to know 
and to state these whenever determining or making use of physi¬ 
cal properties. Thus the density of water at 4°C is 1.0000 g/cc; 
but at 30° it has fallen to 0.9956 g/cc, and at 0° it is 0.9998 g/cc. 

The ability to distinguish betweeh single substances and mix¬ 
tures was a distinct help to the chemist in his search for elements 
or elementary substances * (p. 93), i.e., such as could not by 
ordinary means he changed into two or more simpler substances. 

1 Elementary substance or element, should not be confused with single substance. The 
latter may be either an elementary or a compound substance. The words single substance 
mean just one substance. 
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Lavoisier (1780), French politician and one of the earliest chem¬ 
ists in the scientific sense, recognized thirty-three elements. Later 
some of these had to be discarded, when it was found they could 
be decomposed into simpler substances and were thus proved to 
be complex. During the past century and a half many additional 
elements have been discovered and added to our list, until we 
now have 92, of which two are still in doubt. As far as complex 
substances were concerned, it was founds that they, like the 
elementary ones, possessed definite physical properties and were 
thus distinct individuals and not mixtures. Such substances are 
called compounds. These may often be decomposed into their 
elementary constituents and later reformed by bringing the ele¬ 
ments together under appropri¬ 
ate conditions. Thus common 
table salt is a compound sub¬ 
stance which may be decomposed 
into two elementary substances, 
sodium and chlorine. It is also 
a single substance and exhibits 
only one set of specific physical 
properties. 

To make clear the distinction 
between elements, mixtures, and 
compounds, we may cite the 



THE EFFECT 

following experiment, performed mekcury 


Fig. 1. DIAGRAM OF THE APPARATUS 
USED BY LAVOISIER IN HIS STUDY OF 
OF AIR ON HEATED 


A, retort containing mercury and air, 
B, inverted jar containing air, C, 
hearth. 


by Lavoisier. He heated four 
ounces of mercury in a retort A 
(Fig. 1). The neck of the latter 
was bent so that it passed up into a jar of air B inverted over mer¬ 
cury. After heating for twelve days, the volume of the air in the 
retort and jar had diminished from 50 to 42 cubic inches. In the 
same time 45 grains of a red solid formed on the surface of the 
heated mercury. The air remaining in the enclosure would no 
longer support life nor permit ordinary combustibles to burn. 
Upon heating the 45 grains of the red substance to a higher tem¬ 
perature in a similar apparatus, Lavoisier was able to decompose 
it into 41.5 grains of mercury and 8 cubic inches (3.5 grains) of a 
gas that supported life and combustion. He had thus recovered 
all the gas that was originally used up in forming the red sub¬ 
stance, and he also had evidence that the latter, now called mer- 
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curie oxide, was a compound which could be decomposed into two 
simpler substances, namely, mercury and a gas which was the 
active component in air. He gave the name oxygen to this gas and 
considered it, like mercury, to be one of the elements. The whole 
experiment might be sununarized by writing: 

350°C 

(а) Mercury + oxygen-> mercuric oxide 

41.5 g 3.5 g 45 g 

450'’C 

(б) Mercuric oxide-> mercury + oxygen 

45 g 41.5 g 3.5 g 

The arrows indicate that a chemical change or reaction takes place 
in the direction shown. Centigrade temperatures at which the 
experiments were performed are written above the corresponding 
arrows. Reactions of the first type (a) are known as combinations; 
those of the second (b) as decompositions. In the former, two 
elements combine chemically to form a compound; whereas in 
the latter, the compound is broken down into simpler substances. 

'taw of Conservation of Mass 

Several fundamental laws were discovered as the result of the 
experiments by Lavoisier and his contemporaries (see Fig. 2). 



Fig. 2. an early chemical balance ; used by thomas 

HOPE, PROFESSOR OF CHEMISTRY AT THE UNIVERSITY OF 
EDINBURGH, 1798-1844 

The m«(§t important contribution of these workers was to extend 
the*daw of conservation of mass. This law had already been 
found to hold for physical transformations; it was now proved 
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valid for chemical changes. The chemical aspect of it may be 
stated as follows: In any closed system ^ undergoing chemical 
change, ths mass remains constant. This law will simplify de¬ 
cidedly our study of chemical reactions. We may always rest 
assured that what is put into a reacting system in terms of mass 
will be recoverable, even after complex changes. This is not 
because the law is absolutely correct, but because our common 
weighing apparatus is not sufficiently sensitive (even the most 
accurate balances involve an error in weighing which amounts 
to about 1 part in 10’) to detect slight deviations from the law 
which are now known to exist. These slight fluctuations are of 
no importance in ordinary scientific work. A glance at state¬ 
ments (o) and (6) in the previous paragraph will show that the 
law is a satisfactory statement of the weight relationships observed 
in those experiments. 

■law of Constant Composition 

Another product of this early period of experimentation is the 
law of constant composition of compound substances: In each 
'particular compound substance the proportion by 'weight of the 
constituent elements is constant. A conclusion of this sort has 
already been foreshadowed by Lavoisier’s experiment, for al¬ 
though mercury was present in excess, it was not affected after 
the oxygen had been used up. This indicates that a certain 
amount of oxygen will combine with only a particular amount of 
mercury. The combining ratio by w^eight is very nearly 16/200 in 
the case of oxygen and mercury. The ratio here given is not 
exactly the same as that written under the expressions (o) and 
(6), because the experimental results of Lavoisier were somewhat 
in error. In combinations of other elements to form compounds, 
the weight ratios are different from the above; but they are always 
constant for each particular compound. In Table I are presented 
the combining proportions by weight in some common oxides. 

The amount of each element present in 100 parts of the com¬ 
pound substance is known as the percentage composition; thus 

the percentage composition of mercuric oxide is X 100 j% 

( 200 6 \ \ • / 

X 100 j% mercury. 

^ A “closed system” may be looked upon as one or more material substances separated 
from the rest of the universe in such a way as to prevent transfer of matter or energy from 
or to the system. 
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TABLE I 

COMPOSITION OF OXIDES 

(Parts by weight of element combining with 16 of oxygen) 


Mercuric; oxide (red) 

200.(> : 

: 16 

Mercurous oxide (black) 

401.2 ; 

: 16 

Cupric oxide (black) 

63.6 : 

: 16 

Cuprous oxide (red) 

127.2 : 

: 16 

Hydrogen monoxide (water) 

2.016 : 

16 

Hydrogen peroxide 

1.008 : 

16 


^ Law of Multiple Proportions 

Dalton, whose atomic theory has already been cited (p. 93), 
deduced from it that in cases of multiple combination of two or 
more elements to form two or more compounds, the combining 
proportions in the several cases should be rather simply related. 
It was possible to test this because it was known, even in Dalton's 
time, that certain elements combined to form more than one 
compound; which one was formed depended upon the (‘onditions 
under which the elements came together. The deduc^tion was 
found to be in accord with experiment, and the relationship has 
since been so often verified that it has the full weight of a law— 
the law of multiple proportions. It may be stated as follows: 
whenever two elements combine to form more than one compound, 
the amounts of one combinmg with a fixed amount of the other bear 
an integral ratio, usually simple, to each other. 

Table I shows three examples of multiple combination between 
two elements. The reason for choosing 16 parts by weight for 
oxygen as a common basis will become clear later; for the present, 
it helps us to understand the meaning of the law just stated. 
Selecting the pair of compounds, hydrogen monoxide and hydrogen 
peroxide, we note that '^the amounts of one" (2.016 and 1.008 
parts by weight of hydrogen) ^'combining with a fixed amount of 
the other" (16 parts by weight of oxygen) ''bear an integral ratio 

to each other : - j- 

Table I also indicates the nomenclature usually employed when 
two compounds of the same elements exist. It will be seen that 
one of two schemes is followed. Either the suffix of the first word 
, in the name (mercurtc, mercuroifs) or the prefix of the second 
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word (monoxide, peroxide) is made to indicate which compound 
is meant. The ending ous is used for the element in the com¬ 
pound in which it appears in largest proportion. Likewise the 
prefix per is attached to the element in the compound in which it 
appears in largest proportion. 

Dalton’s Atomic Theory 

The laws of conservation of mass, constant composition, and 
multiple proportions are all in accord with Dalton’s atomic theory, 
the postulates of which are repeated in detail here; 

(a) all matter i.s made up of indivisible, invisible particles called atoms; 

(b) the atoms of each elementary sul^stance all have the same mass, 
which is different from element to element; 

(c) the mass is not affected by the state of combination in which the 
atom is found; 

(d) (.compound .substances are formed by the union of definite num¬ 
bers of atoms, always as wholes, to form molecules of the com¬ 
pound substance. 

An atomistic view of the composition of matter had been taken 
long before Dalton’s time, notably by the Greek philosopher 
Demokritos (500 b.c.); however, no one had previously put forth 
postulates (b), (c), and (d). The law of conservation of mass is 
easily explained with the aid of (c): since the state of combina¬ 
tion does not affect the mass of atoms, no change in the total 
mass is to be expected during a chemical change. The laws of 
constant composition and multiple proportions may be explained 
with the aid of some simple diagrams of atoms and molecules. 

If and represent respectively atoms of copper and 

oxygen, then it is conceivable that a molecule of the black oxide 
of copper is the result of the union: If all the mole¬ 

cules of copper oxide are the same and all the atoms of copper 
have a definite mass, as do also the atoms of oxygen, then all 
samples of copper oxide (which are merely .smaller or larger aggre¬ 
gates of molecules) must have the same ratio of copper to oxygen 
by weight as exists for the relative weights of the individual 
atoms. This explains why all samples of black copper oxide have 
the same composition. For purposes of comparison later, let this 
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ratio be labelled: 


Weight Cu 
Weight O 


A 

B 


(black oxide) 


where A and B represent the relative weights of copper and oxygen 
atoms. 

Dalton provided the following picture for the red oxide of 
copper, in which there is a greater ratio by weight of copper to 
oxygen: 



If this is the correct composition of these molecules, then the ratio 
of the weights of copper and oxygen should be represented by: 


Weight Cu 2A 


Weight 0 B 


= (red oxide). 


from which he concluded that the different weights of copper 
that combine with a fixed weight of oxygen in the two compounds 
should be in the ratio of 2 : 1. Actual analysis showed this to be 
true; the results can be seen in Table I. Thus with the aid of the 
assumptions of the atomic theory one is able to explain why the 
weights of copper, combining in the two cases with a fixed amount 
of oxygen, bear an integral ratio to each other (law of multiple 
proportions). In the particular case used as an illustration above, 
the ratio was of the simplest sort because of the simplicity of the 
molecules; but a similar, usually simple, relationship exists in all 
cases of multiple combination of elements. 

The value of the atomic theory has grown with the years, as 
has also the validity ^ of the assumptions of which it consists. 
Today the postulates are considered almost as laws rather than 
part of a theory, because the reality of atoms and molecules has 
been demonstrated beyond the shadow of doubt. It is now pos¬ 
sible to count, photograph, and make visible the effects produced 
by individual atoms and molecules (Chapter XXXIV). 

relatively unimportant exception to postulate (b) has been mentioned on p. 106. 
The discovery of isotopes has forced us to conclude that the atoms of an element need not 
all have the same weight, yet, since the isotopic composition of elements is practically 
constant, the average atomic weight remains fixed. 
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Relative Atomic Weights 

The idea of relative weights of atoms was used in the above dis¬ 
cussion; this was permissible because a knowledge of exact weights 
of individual atoms was not necessary in the process of reasoning. 
In fact, values for the exact weights of individual atoms have 
only become available in very recent times. It was early realized 
that it would be valuable to know the relative atomic weights, 
since the combining proportions by weight should always be 
expressible in terms of them. Assuming that molecules were 
made up from atoms in simple manner, a knowledge of relative 
atomic weights would permit a good deal of prediction regarding 
the possible combinations by weight that might exist between 
two or more elements. 

To determine the relative weights, a standard of comparison 
had to be set. Hydrogen was at first used because it has the 
lightest atoms, but later oxygen was chosen as the basis, and 
the weights of other atoms were gauged relative to that of the 
oxygen atom. Besides choosing one of the elements as a standard 
of reference, it was necessary to assign to it some arbitrary num¬ 
ber which would represent its weight. The number 16 was 
chosen for oxygen because then no other element received a 
relative weight less than unity, the lightest known atoms, those 
of hydrogen, being just a little heavier than 1 on this scale 
(Table I). 

Early in the nineteenth century, chemists proceeded to estab¬ 
lish a table of relative atomic weights by finding what weight of 
an element would combine with 16 parts by weight of oxygen. 
We can see from Table I and the reasoning above that this weight 
of the element represents either the relative atomic weight or is 
simply related to it in a manner which depends upon the number 
of atoms of oxygen and the other element that may be present 
in the molecules of the oxide. The difficulty of determining the 
number of atoms in a molecule was a formidable one a century 
ago; however, by using considerable ingenuity and with the aid 
of combining weight ratios of elements other than oxygen, it was 
possible in many cases to arrive at values for the relative atomic 
weights which were essentially the same as those we use today. 
In other cases, the early values were in error, being either mul¬ 
tiples or sub-multiples of the correct values. A number of addi¬ 
tional chemical and physical methods, developed in the period 
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1820-1860, corrected earlier mistakes and gave values approxi¬ 
mately the same as the ones we now use. The modern values are 
based mostly upon accurately determined chemical combining 
weights. They are usually almost identical with those obtained 
by physical means, for example, the weighted averages of the 
results of mass spectrography. 

'Atomic Weights and the Mass Spectrograph 

The chemist works with microscopic or larger quantities of 
material and therefore with billions of atoms and molecules at a 
time. His experiments give 63.5 as the relative atomic weight of 
copper, but mass spectrography (p. 106) has shown that no 
atoms of copper have this weight relative to oxygen = 16. The 
latter method gives 63 and 65 as the correct values for the iso¬ 
topic atoms of copper. In nature, all copper contains the two 
sorts of atoms in such proportion as to give an average weight of 
63.5. Since no satisfactory way exists of separating the isotopes 
of copper and because we almost always work with macroscopic 
quantities of materials, it is easy to see why the relative atomic 
weight for the mixture still is of such great practical importance. 
In the future, methods of separating isotopes may be developed 
on a large scale, and it may become possible to work with the 
isotopes rather than their mixtures. At that time it will be neces¬ 
sary to make an important modification in a law which we above 
described as fundamental to the science of chemistry for over 
130 years. It is the law of constant composition of compound 
substances. We shall have to call it the law of integral composition. 
As a matter of fact the composition by weight of the several 
sorts of molecules of, for example, copper oxide (see below) will 
still he constant and, in addition, these compositions will be repre¬ 
sented by integral numbers. Two isotopes of copper (63, 65) and 
three of oxygen (16, 17, 18) being known, we can draw Daltonian 
pictures for possible copper oxide molecules as follows: 


Relative molec¬ 
ular weights = 79 80 81 81 82 83 

Each of these is copper oxide, but the combining proportions of 
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copper to oxygen, besides being integral, vary with the isotopes 
chosen. 

We have in the last paragraph a striking example of what may 
at any time befall one of our scientific “laws.” Although they are 
the closest approaches to true statements that can be made, we 
must always be ready to modify them as thought and experiment 
dijjtate. 

y' 

Chemical Symbolism 

The chemist has developed a system of symbols, a shorthand, 
by which he represents such changes as were summarized above 
in the three laws dealing with the weight relationships between 
reacting substances. A letter, sometimes two, is allowed to stand 
for each element: sulfur = S, radium = Ra, sodium = Na, etc. 
The names of most of the elements suggest the symbol, but there 
are enough exceptions to make it necessary to consult the table 
in the Appendix for further details. 

Besides representing the element, the symbol also has quanti¬ 
tative meaning: it represents one relative atomic weight of the ele¬ 
ment. Thus H means 1.008 parts by weight of hydrogen; 0 means 
16 parts by weight of oxygen. We can quickly represent what 
happens when oxygen and copper unite, as follows: 

Cu + O CuO. 

This is known as a chemical eqxiation and tells us that 63.5 parts 
by weight of copper will, under suitable conditions, combine 
with 16 parts by weight of oxygen to produce 79.5 parts by weight 
(the molecular weight) of black copper oxide. CuO is called the 
chemical formula for copper oxide. The above equation is usually 
written in slightly different fashion so that it will convey still 
more information. In writing equations, we try to use the correct 
molecular formulas for all the substances involved in the reaction. 
It can be shown that oxygen molecules as they exist in the air are 
composed of two atoms each, i.e., are diatomic. The molecular 
formula for oxygen is therefore O 2 , since subscripts are used to 
indicate the number of atoms in a molecule. The equation 
becomes: 

2Cu -1- O 2 2CuO. 

We do not write Cuj because there is no evidence that copper 
contains diatomic molecules; in fact. X-ray analysis of the ele- 
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ment indicates that single atoms occupy the lattice positions. In 
this case the atom and molecule are identical. It should be partic¬ 
ularly noted that equations must balance, so that they will con¬ 
form to the law of conservation of mass. If two atomic weights 
of copper are used (left side of the equation), they must appear 
in some form in the products (right side). A coefficient (the 2 be¬ 
fore CuO) multiplies all that follows in a formula, hence 2CuO 
represents two molecular weights of copper oxide. Each of these 
contains one atomic weight of copper and one of oxygen, and 
thus we get back just what was put into the reaction but in 
different form. 

Translating the last equation into words and weights, and 
choosing the gram as a unit of weight, one obtains: 


2Cu -t- O 2 - > 2CuO 

2 molecules + 1 molecule 2 molecules 
2 X 6.3.6 g-f2Xl6g ->2X (63.6 16) g 

127.2 g -h 32 g ~> 159.2 g 

159.2 g 159.2 g. 

When the balanced equation for an actual reaction has been writ¬ 
ten, it becomes possible to make .simple calculations concerning 
the amounts of the materials that are involved. Thus, suppose 
it was required to produce 1 kg of black copper oxide. How 
much copper should one use and how much oxygen will be re¬ 
quired? Since 127.2 g of copper yield 159.2 g of the oxide, then, 
by proportion, x grams of copper will give 1000 g of oxide: 


127.2 _ L59.2 

X 1000 


{x = 799.0 g of copper). 


Similarly, since 32 g of oxygen produce 159.2 g of oxide, y grams 
of oxygen will be required to produce 1000 g of oxide: 


32 ^ 1,59.2 
y 1000 


(y = 201.0 g of oxygen). 


As a check, it may be noted that 799 g of copper plus 201 g of 
oxygen will yield 1000 g of the oxide. 

In a similar way we may write an equation showing what 
happens when hydrogen gas (diatomic, H 2 ) burns in the oxygen 
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(O 2 ) of the air to form triatomic water molecules (steam, H 2 O): 

2H2 -|- O2 2H2O 

2(1.008 X 2) + 16 X 2 ^ 2f(1.008 X 2) + 16] 

4.032 + 32 36.032. 

The formula for water can be deduced from a knowledge of the 
relative atomic weights for hydrogen (H = 1.008) and oxygen 
(O = 16) and the combining proportions by weight as found by 
experiment (Table I). Since the latter ls 2.016:16, the formula 
for water must be H 2 O. Actually any formula in the series 
H 2 nO„, where n is an integer, would be consistent with the in¬ 
formation given. However, in the absence of other data we should 
choose the simplest formula, H 2 O, to represent the molecule. 
Experiments designed to measure the complexity of water mole¬ 
cules in the gaseous state lead to the conclusion that the molecule 
is simply H 2 O. 

The above equation, taken together with Avogadro’s law 
(p. 177), leads to an interesting conclusion concerning the relative 
volumes of hydrogen and oxygen gas involved in the reaction. 
According to this law, equal volumes of all gases, when measured 
under the same conditions, contain equal numbers of molecules. 
The equation indicates that two molecules of hydrogen are re¬ 
quired for one of oxygen. Hence we conclude that the volume of 
hydrogen required in the reaction will always be twice that of 
t^'e oxygen if both are measured under the same conditions. 

'^Valence 

Before leaving the general question of combining proportions, 
it will be well to examine another phase of it, the combining 
capacity or valence. The formula for water indicates that each 
oxygen atom is capable of combining with two hydrogen atoms; 
we say that the valence or combining capacity of oxygen is 2, 
whereas that of hydrogen is 1. Upon examining the formulas of 
all the compounds of these two elements with others, we are 
struck by the consistent combining capacity of 2 for oxygen and 
1 for hydrogen. It is as if the oxygen atom had two available 
bonds with which it could attach itself to other atoms, whereas 
hydrogen has only one. That these bonds actually have a physi¬ 
cal basis will be brought out later in connection with the elec¬ 
tronic conception of valence (Chapter XX). 
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A list of the names and formulas of a number of compound 
substances is given in Table II, and in each case the symbol is 
followed by a superscript indicating the valence. Note that the 
ending ous indicates a lower valence state of an element. 
Additional valences are given in Appendix IV. 


TABLE II 

VALENCE OF ELEMENTS IN COMPOUNDS 


Compound 

Formula 

Valences 

Hydrogen chloride 

HCl 

H1+ 

CF- 

Sodium chloride 

NaCl 

Nai+ 

cv- 

Hydrogen oxide (water) 

H 2 O 

H1+ 

02- 

Sulfur dioxide 

SO 2 

S^^ 

02- 

Cupric oxide 

CuO 

Cu2+ 

02- 

Cuprous oxide 

CU 2 O 

Cu^+ 


Cupric chloride 

CuCl 2 

Cu2+ 

cp- 

Cuprous chloride 

CuCl 

Cui+ 

CP- 

Sodium fluoride 

NaF 


Fi~ 

Ferric oxide 

Fe^Oa 

Fc«+ 

02- 


In hydrogen chloride, one atom of chlorine combines with one 
atom of hydrogen; each thus has a valence of 1. Since these two 
elements in turn combine with many others, we may make them 
the basis for a practical definition of valence: ti is the number of 
atoms of chlorine or of hydrogen that will combine with one atom 
of the element. 

Since combining capacity, and therefore chemical combination 
as a whole, is always intimately associated with interchanges 
and interactions of the planetary electrons (p. 100) of the several 
atoms concerned in the change, we also ascribe, when it is pos¬ 
sible, a positive or negative nature to the valence. Thus in the 
case of hydrogen chloride, we say that hydrogen has a positive 
valence of 1 and chlorine a negative valence of 1. This is largely 
because the compound HCl dissociates in aqueous solution into 
positive hydrogen ions (H+) and negative chlorine ions (Cl~): 

aqueous 

HCl —^ H+ + C1-. 

solution 

The H atom donates its single electron (p. 101) to the Cl atom; 
since only the nucleus of the hydrogen atom remains, it is posi¬ 
tively charged. This t 3 q)e of combining capacity, with definite 
electronegative or positive characteristics, is called electrovalence; 
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and the valence number is equal to the number of positive or 
negative charges on the ion produced. Starting with hydrogen 
and chlorine as reference elements, this concept of valence can 
be extended to the other compounds so as to derive the valence 
numbers and signs as indicated in the table. To determine the 
values, a rule is used which states that the algebraic sum of positive 
and negative valences in a compound is zero. Copper may evi¬ 
dently have two valences, 1+ and 2+. Variable valence of this 
sort is not uncommon among the elements and will be referred to 
frequently later. 

The assignment of positive and negative nature to the valence 
numbers of elements in (compounds is not always justified but is 
very convenient and is common practi(;e. In doing so, it should 
be remembered that there are many ca.ses in which it, is difficult 
to prove that one portion of the molecule is more negative than 
another. These arise when (ffiernical combination lakes place 
with the sharing of electrons (ciovalence, p. 303) by atoms rather 
than by definite transfer of electrons. 

A knowledge of the valence of elements often makes it possible 
to write formulas for substances with which we may have little 
acciuaintance. Thus, suppose it becomes necessaiy to write the 
correct formula for a .substance such as copper fluoi'ide. In the 
table, sodium has shown itself monovalent and positive; fluorine 
seems, therefore, to have a valence of 1~. Furthermore, copper 
may be either monovalent or divalent in the positive sense. Hence 
from the knowledge of the valences usually shown by copper and 
fluorine and the rule mentioned above, one may conclude, with¬ 
out analyzing the compound copper fluoride, that its chemical 
formula is likely to be CluF or CuF 2 . Similaily, from Table II, 
one may deduce that sulfur chloride has the formula SCh. This 
formula is correct, even though this particular molecule shows 
practically no polarity, i.e., tendency for one atom or portion of 
the molecule to be definitely more negative or positive than 
another. 

Attention has been directed thus far at the valence of elements 
in simple compounds. The same principles apply, however, to 
the formation of the most complex molecules. The fact that some 
elements exhibit polyvalence and the fact that valence itself is 
diversified (electrovalence and covalence) make its study rather 
complex. In Chapter XX further reference will be made to this 
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subject, and it will be shown how valence is related to the structure 
of atoms. 


EXERCISES 

1. Describe a method for separating a mixture of sand and sugar into its 
components. Try to avoid loss of either material. 

2. What laws mentioned in this chapter seem to have been arrived at by the 
inductive method of reasoning? What statements in the text lead you to tliis 
belief? 

3. Using page 286 as a guide, show clearly that the compositions of these 
oxides of cluomium are in close accord with the law of multiple proportions: 


Name 

Formula 

Weight of 
chromium 

Weight of 
oxygen 

Chromous oxide 

CrO 

52.0 

16 

Chromic oxide 

Cr203 

34.7 

16 

Chromium trioxide 

CrOa 

17.3 

16 


4. Show that the composition of the following two oxides of lead is in close 
accord with the law of multiple proportions: 


% Lead % Oxygen 

Lead monoxide PbO 92.8 7.17 

Lead dioxide PbOo 86.6 13.4 

5. Calculate the percentage compositions of the two oxides of copper. Do 
these percentages give any liint of the law of multiple proportions? Explain 
your answer. 

6. How much oxygen is required to unite with 5 g of hydrogen, forming 
water? 

7. What volumes would the two samples of gas mentioned in question 6 
occupy at standard temperature and pressure? (The densities of hydrogen and 
oxygen under these conditions are, respectively: 0.0899 and 1.429 grams per 
liter.) 

8. What weights of hydrogen and oxygen would be obtained if 10 g of steam 
could be completely decomposed into the elements? 

9. Look up the atomic weight of mercury, and then write a balanced equa¬ 
tion for reaction (a) or {h) on p. 284. (See Table I.) What is the valence of mer¬ 
cury in mercuric oxide? in mercurous oxide? 

10. What is the probable formula for hydrogen fluoride? for sodium oxide? 

11. By means of numbers and signs written above the symbols, indicate the 
valences of the elements in: BaCU, SrO, SO3, HzS. 

12. Write the formulas for the following compounds, indicating the valences 
by numbers and signs above the symbols: ferric chloride, barium oxide, cupric 
sulfide, strontium chloride. 

13. Hydrogen and chlorine are diatomic gases. Write the equation for their 
combination to form hydrogen chloride. 



CHEMICAL CHANGES 


297 


14 . (a) Write the equation for the combination of sodium with chlorine to 

form sodium chloride. 

(6) Calculate the weight of sodium required to combine with 100 g of 
chlorine. 

15. Repeat 14, but substitute copper for sodium. The compound formed is 

CuCb. 


REFERENCES 

Davey, W. P., “The Reality of the Atom,’’ J. Chem. Ed., 4 , 327 (1927). 

Moore, F. J., History of Chemistry, McCraw-Hill Book Company, New York, 
1931, Chapters 1 and 2. 

Timm, J. A., An Introduction to Chemistry, McGraw-Hill Book Company, New 
York, 1938, Chapters 8 and 9. 



Chapter XVII 


Oxygen, Hydrogen, and the Rate of 
Chemical Reactions 


Oxygen and hydrogen occupy key positions in the family of 
elements. The vast majority of substances, whether found in, 

on, or over the crust of the 
Earth, contain one or both of 
these elements. Because they 
are the constituents of water, 
which is probably the most 
abundant compound sub¬ 
stance, these two elements 
require particular attention. 
Furthermore, oxygen is also 
the most abundant element 
in the crust of the Earth 
(Fig. 1), and, if numbers of 
atoms rather than weight 
were considered, hydrogen 
too would rank near the top 
of the list. 

The first portion of this chapter will be devoted to a somewhat 
detailed study of oxygen and to an examination of some of the 
fundamental principles and laws of chemical reaction. 

OXYGEN 

Physical Properties of Oxygen 

In the gaseous form oxygen is colorless, odorless, and tasteless. 
It is rather difficult to liquefy, since its boiling point is — 182.5°C 
and critical temperature — IIS'^C. Despite the latter our chief 
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Fig. 1. COMPOSITION of the earth’s 


CRUST 

Includes the atmosj)here to a height of 7 
miles, the hydrosphere, and the lithosphere 
to a depth of 10 miles. 
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supply of oxygen for industrial and medical purposes is obtained 
from the air by a process of liquefaction (p. 202). Another im¬ 
portant physical property of oxygen is its solubility in water. 
Although this is slight—only 3.1 volumes dissolve in 100 volumes 
of water at 20°C—it is a vital factor in our lives as well as in 
those of all respiring animals. 


Laboratory Preparation of Oxygen 

Small samples of oxygen may be prepared conveniently by 
decomposing compounds in which oxygen is a constituent. It 



Fia. 2. APPAIiATUS FOR THE PREPARATION AND COLLECTION OP OXYGEN 


will be recalled that mercuric oxide (p. 284) yields oxygen when 
heated. Potassium chlorate KCIO3,* a less expensive substance, 
is also frequently employed. This compound melts at about 
360°C; and at a somewhat higher temperature decomposition 
sets in, as is shown by the bubbles of oxygen escaping from the 
liquid. An apparatus such as that shown in Fig. 2 is useful for 
producing and collecting the gas. The oxygen that is evolved by 
heating the potassium chlorate in the glass test tube at A passes 
through the delivery tube B into an inverted bottle at C. At 
first the bottle is full of water and is inverted in a trough filled 
with water. As the gas bubbles up into the bottle, the water is 

* The ending ate in the name of a compound generally signifies there are three or four 
atoms of oxygen per molecule of the substance, e.g,, hydrogen sulfate H 2 SO 4 , sodium iodate 
NalO,. 
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gradually displaced from it. When full of oxygen, the bottle may 
be covered and removed from the trough. The equation for the 
reaction is as follows: 

2KC10, 2KC1 + 3 O 2 T .* 

potassium potassium oxygen 
chlorate chloride 

Effect of Temperature on the Rate of Chemical Change 

The rate at which the decomposition of potassium chlorate pro¬ 
ceeds increases with temperature. This is not a unique behavior 
but one that holds true for almost every chemical reaction. If 
we define rate as the amount of material transformed in unit time, 
then it is correct to say that the rate of transformation of materials 
usually increases from two to fourfold for each 10^{C) rise in tem¬ 
perature, It will be recalled that it was possible to increase the 
rate of combination of mercury and oxygen, as well as the decom¬ 
position of mercuric oxide, by increasing the temperature. This 
connection between temperature and reaction rate is to be ex¬ 
pected if we think of (chemical reactions as taking place between 
colliding molecules. An increase in the temperature will increase 
the velocity of the molecules and thus increase the frequency of 
collision, and it will also often supply the molecule with enough 
energy so that it can react upon collision. Both of these factors 
are important in increasing the rate of a reaction. 

Effect of Catalysts on the Rate of a Reaction 

The decomposition of potassium chlorate furnishes the first of 
many illustrations of the phenomenon of catalysis. The latter 
may be demonstrated by piirtly filling one test tube with pow¬ 
dered potassium chlorate and another with a mixture of this 
material and powdered iron oxide Fe 203 . Both tubes are warmed 
simultaneously and to the same extent, and a test for oxygen is 
performed in each tube at regular intervals. The simplest way to 
test for an increased supply of oxygen is by plunging a glowing 
splint of wood into the tube. The splint bursts into flame in an 
atmosphere that contains more than 30% of oxygen. The mix¬ 
ture of chlorate and oxide yields oxygen long before the uncon¬ 
taminated potassium chlorate. The potassium chlorate in both 
test tubes is converted to potassium chloride and oxygen, but the 

* Upward-pointing arrows are used in chemical shorthand to indicate the escape of a 
gas. 
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surprising part of the experiment is that the iron oxide is appar¬ 
ently unaffected and is completely recoverable in the end. When¬ 
ever a substance, seemingly by its mere presence, affects the rate of a 
reaction involving other substances, it is called a catalyst. The iron 
oxide catalyzes the decomposition of potassium chlorate in the 
positive sense, that is to say, it increases the rate. Negative 
catalysts slow down the rates of chemical reactions. In the chem¬ 
ical industry positive catalysts are often eagerly sought for, since 
they make it possible to carry out reactions more rapidly. The 
process of finding a satisfactory positive or negative catalyst for 
a particular reaction is usually not simple, for these substances 
are rather specific in their action and it is sometimes difficult to 
predict what sort of material is likely to prove suitable. 

From the above it might appear that a catalyst has somewhat 
the same influence in a (ffiemical reaction as the wand of the magi¬ 
cian has upon the tricks he performs. However there is often this 
difference: when the magician waves his wand, at least one person 
knows exactly what is happening, but in catalyzed reactions the 
chemist cannot always tell why the catalyst influences the rate 
of a reaction. Many cases of catalysis have been shown to be due 
to the catalyst’s active participation in the change, the reactions 
being such that the catalyst is regenerated in the end. Since the 
agent is continuously recovered, only very small amounts of it 
should be required to effect the transformation of large amounts 
of materials. This situation may be approached in practice, and 
a few striking examples of the marked effect which small amounts 
of materials may have upon large-scale reactions will be given 
under the manufacture of sulfuric acid (p. 401), nitric acid (p. 405), 
and ammonia (p. 409). 

Effect of Concentration on the Rate of a Reaction 

Concentration is a measure of the number of molecules of a 
substance in unit volume. A simple experiment with iron can be 
used to show the role that concentration plays in chemical reac¬ 
tions. Two similar balls of iron wool ^ are heated in air to the same 
dull-red temperature. One is kept in the air, the other is plunged 
into a bottle containing pure oxygen. The first merely glows and 
slowly gets cold, and most of the iron remains uncombined with 

' Actually steel wool is used, hut steel is so nearly pure iron that we may forget about the 
small amounts of contaminants present. 
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oxygen, whereas the second reacts violently, emitting bright 
flashes of light, and it is completely converted to iron oxide. In 
the beginning,^ all conditions are the same in the two cases except 
the concentration of oxygen. In the air only one fifth of the mole¬ 
cules are oxygen, whereas in the bottle all are oxygen, which 
means that their concentration there is five times greater than in 
air. The difference in the rate of reaction in the two cases is 
attributed to the difference in concentration of oxygen. The same 
product, the black oxide, is formed in both instances: 

3Fe -1- 2 O 2 Fe 304 . 

iron oxygen black or 
magnetic 
oxide of 
iron 

The above reaction is an example of oxidation, of which more 
will be said below. It was used here to illustrate the effect of the 
concentration of reagents upon the rate of a reaction. Quantita¬ 
tive studies of this effect in many reactions have resulted in a 
generalization called the law of molecular concentrations. Accord¬ 
ing to it, the rate of a chemical reaction is proportional to the prod¬ 
uct of the molecular concentrations of the interacting substances, each 
fioncentration being raised to a power which is the same as the coeffi¬ 
cient for that substance in the balanced chemical equation. Thus in 
the above case the rate of the reaction is proportional to the 
product of the third power of the iron and the second power of the 
oxygen concentration, these being respectively the coefficients for 
Fe and O 2 in the equation. Letting C stand for molecular concen¬ 
tration, we should write: 

Rate «: Cpe” X Cof. 

Since the iron concentration is fixed, it being a solid at the tem¬ 
perature of the experiment, the rate varies as the square of the 
oxygen concentration. In the two experiments mentioned above, 
the concentration of oxygen was five times as great in the bottle 
as in the air. Hence at the beginning of the experiments the rate 
of oxidation should have been 25 times greater in the pure oxygen 
than in air. This is roughly in accord with the outcome of the 
experiment. 

^ After the reaction in the bottle has started, the temperature of the remaining iron wool 
and oxygen mounts rapidly, thus producing an additional increase in the rate of reaction. 
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A practical application of the law of molecular concentrations 
is found in the common laboratory test for oxygen, using a glowing 
splint. A glowing splint of wood will gradually cool in air and stop 
burning, even though 21% of the air molecules are oxygen. How¬ 
ever, if the glowing splint be thrust into an atmosphere containing 
more than 30% of oxygen molecules, it either continues to glow 
or bursts into flame. This is exa(‘tly what we would predict from 
a knowledge of the law of molecular concentrations. Incidentally 
the experiment shows that this test for oxygen is not a very 
critical one. It tells almost nothing about gaseous mixtures con¬ 
taining less than 30% oxygen. 

Other applications of the law to simple oxidation reactions are 
found in the oxy-illuminating gas and oxy-acetylene blow-torches 
used for welding and cutting metals. Here pure oxygen is used 
instead of air to burn the gases. The result is a more rapid oxida¬ 
tion of the gas and, since the reaction produces heat, a higher 
temperature in the flame. 

Effect of Pressure and Surface Area on the Rate of a Reaction 

In a reaction between two substances like iron and oxygen, the 
concentration of the oxygen, and therefore the rate of the reaction, 
may be increased by compressing the gas, thus bringing the mole¬ 
cules closer together and causing them to strike the surface of the 
iron more frequently. Similarly, one might be led to expect that 
compressing the iron w^ould have some effect upon its rate of reac¬ 
tion. However, since its compressibility is exceedingly small (the 
atoms are already packed almost as closely as is possible), this 
effect is immeasurable. It is possible to in(*rease the effect upon 
the iron by increasing the surface which a given weight of iron 
exposes to the oxygen. For example, a solid cube of iron will be 
oxidized more slowly than a similar cube with many microscopic 
cracks. In the latter there are additional surfaces to which oxygen 
may penetrate and thus make more effective contact with the 
iron. The weight of iron in the two cubes is practically the same. 
In the cube with the cracks, the effective concentration, the sur¬ 
face exposed to reaction per unit mass of solid, is far greater and 
so also is the amount of iron converted to oxide in unit time. We 
may conclude from this that while the rate per unit area is the 
same, the overall rate is different because of differences in the 
reacting areas. It is thus seen that the effective concentration of 
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solids is an important factor in determining their rates of reaction 
with gases, or for that matter, with fluids generally. 


Activity Series of the Metals 


Beside temperature, concentration, and catalysts, there ap¬ 
pears to be a fourth rate-determining factor in (chemical reactions, 
namely, the intrinsic activity of the interacting sxibstances. The 
effect of differences in activity upon the rate of reaction can be 
illustrated by considering a series of corresponding reactions in 
which a number of similar substances undergo the same type of 
change. One may choose, for example, the oxidation of metals, 
the type of experiment mentioned in the previous paragraph, and, 
keeping all other factors constant, note the effect upon the rate as 
one metal is substituted for another. No two metals are found to 
have the same rate. From this it is deduced that no two metals 


have the same intrinsic activity. 

From experiments such as the above and others in which the 
metals retain the same order of activity, we can construct an 
activity table such as that found on the side of this page. The 
most active metal is at the head of the list. It 


ACTIVITY SERIES 

Potassium 

Sodium 

Calcium 

Magnesium 

Aluminium 

Manganese 

Zinc 

Chromium 

Iron 

Nickel 

Tin 

I^ad 


will be noticed that hydrogen, which from the 
physical point of view is a non-metallic ele¬ 
ment, has been included in the series. Its 
appearance here is justified on the basis of its 
chemical properties. Thus its compound with 
chlorine (HCl) is completely ionized in aqueous 
solution (p. 40G) and so is quite analogous to 
the chlorides of metals; also, as we shall see 
later (p. 311), hydrogen takes a natural posi¬ 
tion in this table because of certain replace¬ 


ment reactions. 

A similar activity series can be developed 
for the non-metallic elements. In both cases 
it is found that the order of activity is closely 
coupled with the energy that becomes avail¬ 
able when the substances undergo correspond¬ 
ing chemical reactions. This energy is in turn 
dependent upon the structure of the atoms and molecules involved 
in the reactions. In the last analysis, therefore, the differences in 
the intrinsic activity of substances, which result in diverse rates 


(Hydrogen) 

Antimony 

Bismuth 

Copper 

Mercury 

Silver 

Platinum 

Gold 
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of reaction, must find their explanation in differences in atomic 
and molecular structure, a subject to which we shall return in 
Chapter XX. 

Oxidation and Reduction 

The reactions called oxidation and reduction are inseparable. 
They always occur simultaneously, and the one is the opposite of 
the other. We may here recall the reaction: 

2Hg + O 2 -> 2Hg2+0*-. 

According to a previous statement this is an oxidation of mer¬ 
cury to form mercuric oxide. It will be noted also that the mer¬ 
cury has become divalent, positive. In all such cases in which an 
element can he said to have become more positive, i.e., increased its 
valence in the positive sense, it has undergone oxidation. This, by 
definition, holds good whether oxygen is involved or not! ^ Simi¬ 
larly, the opposite process, becoming negative, or less positive in va¬ 
lence, is called reduction. Hence oxygen is reduced in the above 
reaction since it acquires a negative valence of two. If the direction 
of the arrow is reversed and the dissociation of mercuric oxide is 
considered, we notice by applying the above definitions that the 
oxygen is oxidized and the mercury reduced. It will be recalled 
that valency is intimately connected with gain, loss, or sharing 
of electrons by atoms (p. 295). Since it is probable that mercuric 
oxide is composed of mercury (Hg*'*') and oxygen (0^~) ions, each 
oxygen atom having acquired two electrons from a mercury atom, 
we may restate our definition of oxidation as being loss of electrons 
and reduction as gain of electrons. These definitions are of value 
when we can demonstrate, or have reason to believe, that definite 
polarity (positive and negative ions) exists. Obviously, oxidation 
is always accompanied by reduction; and the reducing agent, the 
mercury in the above equation, is oxidized while the oxidizing 
agent, the oxygen above, is reduced. 

Combustion 

A very common and useful form of oxidation is the process ordi¬ 
narily called burning or combustion. Burning in air is simply 
a raiher rapid oxidation and usually involves a flame together 

^ It is unfortunate that the word oxidation is used to cover all cases of increase in valence, 
since it may convey the impression that all such increase involves oxygen. 
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with considerable evidence that heat and light energy are being 
set free. A flame accompanies the reaction when¬ 
ever a gaseom substance is rapidly oxidized by 
air, as for example when hydrogen burns to form 
water. Two zones exist in the air-hydrogen flame 
(Fig. 3); the inner contains unburnt hydrogen 
which is rushing out of the tube, and the outei is 
the zone of the chemical reaction: 

2 H 2 O 2 —^ 2 II 2 O heat energy. 

This is the oxidation which takes place when we 
light a gas flame in the laboratory or kitchen, 
since most domestic gas supplies are mixtures 
rich in hydrogen. Other important components 
of illuminating gas arc methane CH 4 and carbon 
monoxide CO, which are also burned in the 
flame, forming gaseous products: 

CH 4 + 2 O 2 CO 2 + 2 H 2 O + heat energy. 

methane oxygen carbon ste'am 
dioxide 

2 CO + 02 ^ 2 CO 2 + heat energy. 

carbon oxygon carbon 
monoxide dioxide 

Reactions such as the above, in which heat energy becomes avail¬ 
able, are called exothermic. The opposite sort, in which energy 
in the form of heat is absorbed, are endothermic, viz.: 

2 H 2 O -b heat energy ^ 2 H 2 + O 2 
or, written with the energy change on the right of the equation: 

2 H 2 O -> 2 H 2 -b O 2 — heat energy. 

Every chemical transformation is accompanied by its own defi¬ 
nite and characteristic energy change. 

Most of the world’s power supply is derived from the combus¬ 
tion, in air, of either coal, wood, or oil, all three of which are 
mixtures of complex compounds made up largely of carbon and 
hydrogen. Combustion of these is a much less simple process 
than the burning of illuminating gas, for: firstly, the fuel is a more 
complex mixture than is the gas; secondly, the molecules of the 
components of the mixture are not as simple as CO, H 2 , and CH 4 ; 



f 

Hydrogen 
Fig. 3. the 

TWO ZONES IN A 
SIMPLE FLAME, 
THAT OF HYDRO¬ 
GEN IN AIK 
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and lastly, the heat produced by the combustion causes decompo¬ 
sition of the components of the coal, wood, or oil, which is then 
followed by the burning of the decomposition products. 

Although the process of combustion gives man a most impor¬ 
tant tool in his endeavor to control natural forces and to mold 
natural materials into useful forms, this same process may, when 
not properly harnessed, prove one of the most devastating he 
has to face. Illustrations of havoc wrought by uncontrolled com¬ 
bustions are afforded by forest fires, fires in ships and buildings, 
and dust and gas explosions. 

Spontaneous Combustions 

Spontaneous combustions have an unpleasant way of turning 
up when least expected. They differ from ordinary combustions 
only in that they begin as much slower reactions and require no 
trigger such as a spark, flame, or match, to set them off. Rags 
soaked with oil and kept in a closed, air-containing space are 
among the most frequent causes of spontaneous combustion. 
The process usually takes place about as follows: 1) slow oxida¬ 
tion results in the liberation of heat; 2) the material and sur¬ 
roundings have low heat conductivity and capacity ; 3) the tem¬ 
perature rises; 4) the rate of reaction increases; 5) a point is 
reached where the rate of reaction is rapid enough to be desig¬ 
nated as combustion or burning in the sense already mentioned. 
The rise in temperature is accompanied by the formation of a 
gaseous substance which finally reaches its kindling temperature 
and bursts into flame. 

A novel experiment, which emphasizes in a rather startling 
way the danger that lies hidden in any material that is under¬ 
going slow oxidation, is performed by dipping a small ball of 
glass wool into carbon disulfide that contains dissolved phos¬ 
phorus. The ball is removed and placed on an iron plate. First 
the carbon disulfide CS 2 evaporates; this leaves the glass wool 
coated with a fine deposit of phosphorus. The latter oxidizes 
slowly in air; gradually the temperature rises; and finally, after 
many minutes there is a sudden flare,—the phosphorus vapor has 
reached its kindling temperature. 

HYDROGEN 

The elements oxygen and hydrogen are found together in an 
enormous number of compounds in both living and inanimate 
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matter, and while the present section deals chiefly with hydrogen 
and a few of its compounds, later ones will continually remind us 
of the close alUance between the two elements. For example, two 
important classes of chemical compounds, acids and bases (p. 329), 
invariably contain hydrogen and in almost all cases also oxygen. 

Properties and Preparation of Hydrogen 

The gas is colorless, odorless, and may be liquefied only with 
great diflfiiculty because its critical temperature is — 240°C and 
the boihng point at 1 atmosphere pressure is — 252.5°C. Like 
oxygen, it has a low solubility in water, 1.8 volumes being dis¬ 
solved by 100 volumes of water at 20°C. It is not found uncom¬ 
bined in nature except in certain volcanic and natural gases; 
hence to obtain a sample one must either decompose a compound 
substance containing hydrogen or replace the hydrogen in such a 
compound by some other element. The following reactions illus¬ 
trate the two methods. 

I. (a) Thermal decomposition. Water may be decomposed 
thermally (p. 306) into a mixture of hydrogen and oxygen. The 
reaction proceeds to a measurable extent only at a very high 
temperature. At 2000°C the decomposition amounts to only 2%, 
because of the simultaneous and stronger tendency for Ha and O 2 
to reunite and form water. When two such reactions occur 
simultaneously, the one the reverse of the other, the equation is 
written with double arrows: 


2H2 -j- O2 2H2O. 

Obviously this is not a convenient nor efficient way of obtaining 
hydrogen, even though the latter could be separated from the 
mixture by taking advantage of the differences in the physical 
properties of the components. For instance, hydrogen is known 
to diffuse rapidly through clay or metal walls at high temperature, 
and this property might be used in separating it from oxygen and 
steam. 

I. (b) Electrolytic decomposition {Electrolysis). Instead of using 
heat to decompose the water, it is possible to use electrical energy 
in the form of an electric current or stream of electrons. The 
apparatus is so arranged that the hydrogen and oxygen formed 
will not mix, and consequently no reformation of water can occur. 
Also the gases are collected at room temperature, so that even if 
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they were allowed to mix their rate of recombination to form 
water would be immeasurably slow. In electrolyses it is necessary 
that the material being decomposed be a <*onductor or be trans¬ 
formed into one, since it must form part of the circuit for the 
current. Water is a very poor conductor because it is composed 
mostly of neutral molecules H2O; a very few ions are present due 
to dissociation* of these molecules: 


H2O ^ H+ + (OH)-. 

water hydro- + hydroxyl 
gen ions 

ions 


By introducing foreign substances one can alter the water so 
that the mixture contains many ions and thus becomes a good 
conductor, and yet it is only the water that appears to be decom¬ 
posed. This may be accomplished by adding a few drops of 
hydrogen sulfate (H2SO4), com- n n 

monly called sulfuric acid. It ^ 

ionizes almost completely: 


H2SO4 

hydrogen 

sulfate 


• 2 H+ (SO 4 )'- 

► hydro- + sulfate 


gen 

ions 



thus placing a large supply of 
conducting ions, H+ and SO4*-, 
in the water. 

To complete the electrolytic 
cell, two electrodes, positive and 
negative, are introduced (Fig. 4 ). 

The positive electrode will attract negative ions in the solution 
and cause their discharge upon contact. In the present case it is 
believed that a complicated secondary reaction takes place at this 
electrode, resulting in the liberation of oxygen. Using e to desig¬ 
nate an electron, the reaction may be represented as: 


Fig. 4. hofmann’s apparatus for 

ELECTROLYZING ACIDIFIED WATER 


2 ( 804 )=“- -46 

2SO4 + 2H2O 


-> 2SO4 

4H+ -h 2 (804)^ -h O2 T 


(at anode). 


Likewise the positive ions are attracted to the negative electrode: 
4H+ -F 46 2 H 2 T (at cathode). 

^ A reversible decomposition is called a dissociation. Here both the forward and reverse 
reactions are occurring simultaneously, and the equation thus represents an equilibrium 
between water molecules and hydrogen (H**") and hydroxyl (OH)~ ions. 
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Hydrogen gas, having only a slight solubility in the solution sur¬ 
rounding the cathode, collects as bubbles, which rise and escape. 
Much the same happens to the oxygen at the anode. The escape 
of gases has been indicated by upward-pointing arrows in the 
equations. It should be noticed that there is no net change in the 
amount of sulfate ions (S04)®“; yet if they were absent, the com¬ 
plex electrode reaction could not take place. Note also the con¬ 
tinuous reproduction of hydrogen ions at the anode as fast as they 
are discharged at the cathode and that it is apparently only the 
water which is diminished in quantity as it is decomposed into 
its constituents H2 and O2. 

A convenient laboratory apparatus for electrolyzing acidified 
water, which permits the separate collection of hydrogen and 
oxygen, is that due to Hofmann (Fig. 4 ). By opening the stop¬ 
cocks at the tops of the U, samples of the gases produced may be 
withdrawn and used for experimentation. As indicated, twice as 
much hydrogen (by volume) is formed as oxygen, which is what 
one would expect, since two water molecules decompose into two 
molecules of hydrogen for each molecule of oxygen. 

The electrolytic decomposition of water is carried out on an 
extensive scale commercially and constitxites one of the important 
sources of hydrogen for use in industry. Enormous quantities of 
this gas are required in the synthesis of ammonia NH3 from 
nitrogen and hydrogen (p. 408 ), in the hardening of oils, producing 
oleomargarine, in the synthesis of wood alcohol, and in welding. 
The oxy-hydrogen flame is an important means of obtaining 
exceedingly high temperatures, approximating 2500 °C. 

II. Replacement (also called displacement) is a common way of 
obtaining hydrogen. By passing steam over red-hot iron in a 
tube and condensing the excess of the former, one may collect 
the hydrogep that is formed. The other substances, the iron 
oxide and any unaffected iron, being solids, remain behind in the 
tube and do not contaminate the hydrogen. 

3 Fe + 4H2O —^ 4H2 - 1 - Fe304. 

/uO 

iron + steam -> hydro- 4- black oxide 

gen of iron 

This method finds limited commercial application, since it often 
proves less economical than the electrolsrtic process above. The 
reaction between iron and steam must be conducted at high 
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temperature, which is in itself expensive, and in addition the iron 
oxide must be converted back to iron to be used over again. 

Other metals will also replace hydrogen in water; and it is 
found that their order of activity, as measured by the rate of 
replacement, is practically the same as in the reactions with 
oxygen (p. 304). Iron is the last element in the activity series 
that will displace H 2 from steam. Reactions, in which an active 
metal replaces hydrogen in an acid (p. 330), are often employed 
in the laboratory to produce hydrogen on a small scale. 

Isotopes of Hydrogen and Oxygen 

In 1932, Urey, Brickwedde, and Murphy, working at Columbia 
University and the Bureau of Standards, discovered that hydrogen 
was isotopic, that is to say, it is composed of atoms of atomic 
weight 1.0078 and 2.0136. They and other scientists have since 
devised ways of separating the two types of atoms; and it is now 
possible to produce and work with light hydrogen gas, whose molec¬ 
ular weight is a little over 2, and heavy hydrogen, whose molecular 
weight is slightly greater than 4. The properties of the heavy 
hydrogen have proved so interesting and different from those of 
the light form of the element that for the first time new names 
were coined for the isotopes of an ordinary element. The light 
hydrogen is called protium. The heavy hydrogen, named deu¬ 
terium, is relatively rare, constituting only about 0.02% of 
natural hydrogen. The method most used for separating the 
isotopes utilizes the difference in rates of discharge of protium 
and deuterium when water is electrolyzed. Water contains light 
hydrogen (H') * and deuterium (H*) in the same ratio as does 
ordinary hydrogen gas, but (H^)+ ions are discharged less readily 
than (H’)+; hence the heavy hydrogen becomes enriched in the 
residue as water is continuously electrolyzed. The gas passing 
off at the negative electrode is relatively richer in H* than was 
the water. After a long period of electrolysis, during which the 
bulk is reduced several hundred thousandfold, the remaining 
water is practically pure H^OH^ f or heavy water. When this is 
further electrolyzed, almost pure H 2 * is obtained. It is necessary 

♦ The mass numbers of isotopes are indicated by integral superscripts following the 
symbols. The differences between the actual isotopic atomic weights and these mass num¬ 
bers are usually insignificant. 

t Many chemists employ the formula HOH instead of H 2 O for water. For some reactions 
HOH expresses the behavior better than does H 2 O. 
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to say “almost pure” because mass spectrographic examination of 
this has shown it to contain still another isotope of hydrogen, 
called tritium. The latter is present to the extent of 7 parts in 
10 billion in ordinary hydrogen. Like it may be concentrated 
by electrolyzing water. By thus reducing 75 tons of water to 0.5 cc, 
a reduction of approximately 10**, an enrichment of the same order, 
i.e., one hundred millionfold, was effected. This still left the 
concentration of tritium about 0.02%, and it is doubtful if at¬ 
tempts will be made to obtain pure tritium or pure H®OH^ by 
electrolysis because of the time and energy expenditure involved. 

In scientific circles great interest has centered on heavy hy¬ 
drogen ever since its discovery. Physicists have put deuterium 
to use in experiments involving transmutation of elements 
(Chapter XXXIV). Chemists have used it to help unravel ques¬ 
tions concerning the structure of complex molecules, inasmuch as 
the introduction of an atom into a compound is equivalent to 
tagging its position. Biologists and physiologists are also using 
as an indicator. Fed in the form of heavy water or as part of 
a synthetic food, can be found in the various organs and 
excreta after a time. By examining them, much information con¬ 
cerning the rapidity and the mechanism of metabolic processes 
may be obtained. 

One last word should be said regarding heavy water. Whereas 
the common form is and a heavier form may be 

obtainable in the future, latest research indicates that oxygen is 
also isotopic, containing mostly O*®, but some O'’ and O'®. It 
should thus be possible, ultimately, to produce some water of 
moleculan weight 24, H*0'®H®, which is one third heavier than 
ordinary water H'0'®H'; but judging from the present estimates 
of the relative abundance of O'® atoms, it would require concen¬ 
trating more water than there is on the Earth to yield just 1 cc 
of pure H®0'®H®. 

EXERCISES 

1. What objection might possibly be raised against collecting oxygen by the 
displacement of water? 

2. Five grams of potassium chlorate are heated until all the available oxygen 
is driven off. (a) What should the remaining potassium chloride weigh? (6) What 
weight of oxygen is to be expected? (c) If the density of oxygen = 1.429 g/1 at 
NTP, how many liters of the gas, measured under these conditions, may we 
expect to get? 
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3. Suggest two ways of increasing the rate of reaction between lead and oxygen. 
Explain why each is effective. 

4. Write a balanced equation for the reaction between magnesiura and oxygen, 
forming magnesium oxide MgO. State which substance is oxidized, which is re¬ 
duced, which is the oxidizing agent, and which the reducing agent. 

5. Answer the same questions as in 4, but for the reaction: 

H2 + Cl2-^2IIC1. 

6. If equal volumes of methane and carbon monoxide are oxidized by oxygen 
as on page 306, what are the relative volumes of oxygen that will be required? 
All gases are assumed measured under the same conditions. Explain how you 
arrived at your answer. (Hint: Kecall Avogadro’s law, p. 177.) 

7. If hydrogen is made by the action of steam on hot iron, what weight of the 
former gas is to be expected from one pound of steam? 

8. Express the abundance ratios H' in terms of scientific notation. 

9. Write formulas for each of the possible sorts of water molecules. (Do not 
forget such combinations as: H^O^HI^.) 
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Chapter XVIII 


Water and Solutions 


Because water is used as the basis for so many units of measure¬ 
ment, many of its properties have already been described. The 
r61e of water in setting the standards of mass (kg) and of volume 
(1), in defining the calorie and specific heat, in marking the fixed 
points on the centigrade and Fahrenheit thermometers, and the 
influence of water on the weather are a few of the more important 
points covered in previous chapters. 

Even when “pure” water is carefully prepared, it always con¬ 
tains minute quantities of dissolved impurities. These form so 
small a part of the whole that they may be disregarded for all 
practical purposes; nevertheless, all water is in fact a solution. 
It is through the medium of solution that water offers some of its 
greatest utility to man. The processes of respiration, digestion, 
metabolism, and reproduction are intimately connected with 
aqueous solutions, as are also many chemical reactions carried 
out in the laboratory and in industry. Vast geologic changes are 
wrought by water through the medium of solution. 

Although the emphasis in the present chapter will be on aqueous 
solutions because of their preeminence in our daily lives, other 
liquids and also gases and solids can form similar solutions whose 
properties will differ only in degree from those given here. 

Physical Properties of Water 

Only a few of the significant physical properties of water re¬ 
main to be described. Water is colorless in small bodies, and it is 
also odorless and tasteless. Its boiling point, freezing point, and 
vapor pressure were mentioned in Chapter XII. Water is almost 
unique among liquids in that it has a maximum in its density- 

314 
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temperature curve (Fig. 1). Most liquids expand continuously, 
and hence their density falls as they are warmed; but water, at 
4°C, expands whether it is warmed or cooled. The densities indi¬ 
cated on the figure are in grams per liter. In addition to the 
maximum at 4°, two other points of interest appear on the dia¬ 
gram. First, there is the marked expansion, some 1600-fold, that 



Temperature in degrees centigrade 

Pig. 1. THE DENSITY OF WATER AT VARIOUS TEMPERATURES, MEASURED IN GRAMS 
i‘ER LITER AT 1 ATMOSPHERE PRESSURE 

occurs when water goes through the change of state at 100°. 
Similar large expansions occur when other liquids are vaporized. 
Second, there is an expansion of 9% when water solidifies and 
goes through the change of state at 0°. Ice is seen to be less dense 
than the water with w’hich it may coexist at 0°. Only a few 
liquids out of many thousands possess this property. 

Ice forms and floats on the top of water where the latter is 
exposed to the cold atmosphere; water, furthermore, as has 
already been stated, possesses a maximum density at 4°. These 
two properties are extremely important for aquatic life in the 
colder regions of the globe. Both ice and water are poor conduc¬ 
tors of heat, and the ice surface may get extremely cold and yet 
the process of freezing proceed only slowly downward. Except in 
cases of long-continued cold or in shallow water, we may expect 
to find a lower layer of the most dense water (4°) in our northern 
lakes during the colder seasons of the year. 
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Water as a Solvent 

Water has been termed by some “the universal solvent.” 
What is probably meant by such a sweeping statement is that 
water is almost universally used as a solvent, that it is usually the 
first solvent we think of when asked to dissolve something, and, 
finally, that no substance is known to be absolutely insoluble in 
water. The original statement should not be interpreted to mean 
that all substances will be dissolved by water to an appreciable 
extent, for many are so little dissolved that for practical purposes 
they should be called insoluble. It is true, however, that water 
will dissolve at least small amounts of a very large number of 
substances, and it will dissolve considerable quantities of certain 
substances. 

The last few statements have implied that there is a limit to 
the extent to which a substance will dissolve in another. Before 
we discuss this important point, it is essential to get clearly in 
mind a picture of what happens when a solution is formed and 
also a definition for the term solution. Suppose that water is to 
be the solvent, the substance that has the capacity to dissolve 
another, and that sugar is to be dissolved therein. The sugar 
would then be called the solute, this being the name usually given 
to that component of a solution which is present in relatively 
small amount compared to the bulk of the vehicle, here the water. 
The molecules of water are in incessant motion and buffet each 
other at close range. Sugar crystals, dropped into the water, sink 
because of their greater density; but even as they drop through 
the water, individual sugar molecules become disengaged from 
the surfaces of the crystals and join the milling water molecules. 
Even with the most powerful microscopes no change can be seen 
in the water. The sugar has been subdivided down to individual 
molecules and, since these are invisible, the solution might easily 
be taken for pure water had it not been for the striking disappear¬ 
ance of the sugar. The sugar is now.in the liquid state, just as if it 
had melted. It is merely diluted with water, or perhaps it would 
be better to say that the water has been diluted by sugar. Other 
points to be noted in connection with solutions are that the solute 
molecules cannot be filtered out, nor will they settle out on stand¬ 
ing as do, for example, the suspended particles of clay in muddy 
water. The solution appears completely homogeneous to all ordi- 
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nary modes of inspection; and for practical purposes it may be 
considered as a single homogeneous substance, although it must 
be admitted that in its ultimate structure it is a mixture of in¬ 
dividual water and sugar molecules and is therefore hetero¬ 
geneous. A solution may be defined as a mixture, so intimate that 
it is apparently homogeneous, and with a composition that may be 
varied between certain limits. The definition does not specify the 
state in which the components of the mixture exist. One may 
have: solid solutions, as, for example, carbon dissolved in iron, 
thus forming steel, or zinc dissolved in copper, forming brass; 
liquid solutions, like the sugar and water mentioned above; and 
gaseous solutions, such as air. 

The process of making a solution as described above involves 
only simple physical changes; melting, and a random mixing of 
molecules of one sort with another. When such solutions are 
formed, the amount of heat absorbed (heat of solution) is almost 
exactly that which would be required to melt the solid (heat of 
fusion). These cases might be called “ideal,” and they are rela¬ 
tively rare. In making solutions of most substances, more com¬ 
plex changes are involved, usually in the nature of chemical reac¬ 
tions; and then the heat of solution may differ widely from the 
heat of fusion. We will consider a few such solutions at the end 
of this chapter. 

Saturated Solutions 

We all know that sugar will dissolve to only a limited extent 
in water. When an excess of the solute (sugar) is present and no 
more of it will dissolve, even when aided by vigorous stirring, the 
solution is said to be saturated. The amount of solute per given 
amount of solvent in a saturated solution measures the solubility 
of the solute at a given temperature. For example, an expression 
of solubility would be: 200 g of sugar can be dissolved in 100 g of 
water at 20°C. The solubility of a substance in a given solvent is 
thus an expression of its concentration {p. SOI) in a saturated 
solution. It is believed that a saturated solution, in contact with 
excess of the solute, represents a condition of equilibriiun. In 
the case above, molecules of sugar are leaving the surface of the 
sugar crystals as frequently as others are returning from the 
saturated solution. Consequently there is no change in the con¬ 
centration of the latter. The equilibrium may be represented as 
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involving the interchange of molecules of solid and dissolved 
sugar: 

Sugar (solid) ^ Sugar (liquid or dissolved). 

Solubility is a property that varies widely for different sub¬ 
stances in the same solvent. Sugar has a high solubility in water. 
Some substances, like alcohol, have infinite solubility; they are 
completely miscible in all proportions with water. Others show 
wide variation: 35.8 g NaCl, or 6.6 g KClOa, or 0.0013 g CaCOs 
dissolve in 100 g of water at 18°C. 

Solubility changes with temperature, and most solid substances 
become more soluble as the temperature is raised, which means 



Temperature in degrees centigrade 
Fig. 2. solubility cuhves op some common salts 

that their concentration in the saturated solution increases. A 
number of examples of this sort of behavior are found in the 
solubility curves of some common substances given in Fig. 2. 
Here it is also seen that the curve for sodium sulfate Na 2 S 04 has 
a negative slope, which indicates that its solubility diminishes 
with rise in temperature. 

Supersaturated Solutions 

The variation of solubility with temperature makes it possible 
to form supersaturated solutions. They are important because the 
phenomenon of crystallization from solution is directly dependent 
upon the prior formation of a supersaturated solution. This can 
be shown by mixing some potassium nitrate KNO 3 crystals with 
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water in a beaker, using slightly more crystals than will dissolve 
at room temperature. A saturated solution should result. When 
the mixture is warmed, all the crystals will pass into solution, 
due to the sharp increase in solubility with temperature (Fig. 2). 
After warming, the solution is less than saturated, since more 
crystals would have dissolved had they been added. If this solu¬ 
tion is allowed to cool, it soon reaches a state of saturation, 
because solubility diminishes with decreasing temperature; 
further cooling brings about a state of supersaturation, in which 
more solute is present than ordinarily dissolves to form a sat¬ 
urated solution. This is an unstable condition that usually does 
not persist for any length of time, for most solutions cannot be 
cooled appreciably below the saturation point without having 
crystals form. When crystallization does take place, it proceeds 
until the concentration of solute in the solution has been reduced 
to that of a saturated solution for the particular temperature. In 
this way a condition of equilibrium (stability) is attained. It is 
important to remember that no crystallization takes place until 
the solution has become somewhat supersaturated. In nature, 
this process often occurs on a gigantic scale during the formation 
of crystals of rocky material from molten lava and also in the 
formation of crystalline deposits of salt, limestone, etc., from 
supersaturated solutions in natural waters. 

Purification of Natural Waters 

Water purification is important for both health and industry. 
Natural waters usually contain dissolved gases and solids as well 
as suspended solids; the water picks up all three in its course over 
and through the Earth. Rain droplets falling through the atmos¬ 
phere dissolve some of the carbon dioxide CO 2 it contains. If 
this water later passes over limestone CaCOa beds, some of the 
rock will be dissolved as calcium bicarbonate Ca(HC 03 ) 2 : 

CO 2 H 2 O -f” CaCOs —> Ca ( 11003 ) 2 . 

For many purposes, domestic, industrial, and scientific, the 
presence in water of some or all of the aforementioned substances 
is objectionable. 

Many physical and chemical methods have been devised to 
purify natural waters in order to make them fit for human use 
and consumption. The method of purification is determined 
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largely by the undesirable substances that are present. To illus¬ 
trate some of the common procedures, we may set up some hypo¬ 
thetical problems and indicate their solutions. Suppose a natural 
source of water supply contains (1) dissolved gases: oxygen O 2 , 
nitrogen N 2 , carbon dioxide CO 2 , all from the air; (2) dissolved 
solids: calcimn bicarbonate Ca(HC 03 ) 2 , calcium sulfate CaSO^; 
(3) suspended solids: clay, bacteria (harmless and patho¬ 
genic), tiny particles of vegetable origin such as leaves, twigs, 
etc.; and suppose further that we wish to make the w'ater suit¬ 
able for (a) scientific work, (6) domestic, household supply, 
(c) industry. 

(а) Scientific work requires that the water be pure, and conse¬ 
quently all the above contaminants should be removed. Distilla¬ 
tion is the only process by 
which all three types of impu¬ 
rities can be removed simulta¬ 
neously. A simple laboratory 
t 3 q)e of distilling apparatus is 
shown in Fig. 3. The water is 
boiled in a vessel called a still, 
and the vapors are condensed 
by contact with the cooled 
walls of the condenser. All 
non-volatile matter (groups 2 
and 3 above) remains behind 
in the still. The gases (group 1) 

are more volatile than water, and a considerable portion of them 
passes over into the condenser in the early stages of the distillation. 
Thus much of the dissolved air is expelled even before the water 
in the still is brought to the boiling point. The construction of the 
condenser and the manner of collecting the distillate largely 
determine how much gas is reabsorbed by the condensed water. 
Several subsequent distillations may be necessary if the gas con¬ 
tent of the distilled water must be made very low. 

(б) For domestic consumption all that is usually demanded of 
water is that it be clear and free from disease-producing bacteria. 
Clarity can be attained by filtering out the suspended matter 
which produces turbidity (group 3 above). The most rapid and 
practical filters are sand beds, through which the water percolates 
by gravity. These contain fine sand at the top and gravel at the 



Fig. 3. laboratory type of all-glass 
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bottom (Fig. 4). After the filter has been in operation for a while, 
a thin layer of silt collects on the top of the bed of sand, and this 
improves the filtering qualities. 

Sometimes the suspended matter is removed from water by a 
coagulation process. This is the first of the “chemical” methods 
of purification here considered. A relatively small amount of a 
compound of the element aluminium, usually the sulfate Al 2 (S 04)8 



because if. is the cheapest, is added to the raw water. The com¬ 
pound dissolves, and the ions, AF+and (S 04 )^“, become distributed 
throughout the bulk of the water. The important ions arc the AF+, 
for they will unite with hydroxyl ions (OH)~ in the water (p. 309) 
to form a highly insoluble, gelatinous solid, aluminium hydroxide 
A1(0H)3. This jelly-like substance appears throughout the water 
and attaches itself to all solid particles suspended therein. The 
gelatinous material settles, carrying down with it almost all the 
suspended matter. The overlying water is then usually passed 
through a filter. It will be apparent that this method is not solely 
“chemical”; for although the coagulum is formed by a chemical 
reaction, the rest depends upon physical processes. 

In order to be doubly sure that no harmful microorganisms 
remain after the above treatments, the water is usually chlorin¬ 
ated by dissolving in it a very small amount of chlorine gas. 
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which renders the water sterile. Some natural water supplies 
contain relatively little suspended material, and the only treat¬ 
ment necessary to make them fit for domestic consumption is 
chlorination. 

(c) Water intended for industrial purposes must usually be 
rid of impurities of types 1, 2, and 3 above. If it is to be used in 
steam boilers, the water is often preheated in a separate tank in 
order to remove dissolved gases (group 1). Oxygen is particularly 
undesirable, as it increases the corrosion of boilers. Solids sus¬ 
pended in water (group 3) are likewise objectionable for most 
industries. Their method of removal has already been indicated 
under (b). 

Group 2, dissolved solids, is the one that involves the most di¬ 
verse treatments, because of the wide variety of solids that may 
contaminate natural waters. Calcium bicarbonate Ca(HC 03)2 
and calcium sulfate CaS 04 are both common and typical, and for 
this reason they are used to illustrate the treatment. Waters 
containing them are said to be hard. The compounds tend to 
leave a scaly encrustation in boilers and tubes in which the water 
containing them is heated. This deposit of scale is a poor con¬ 
ductor of heat and also gradually diminishes the opening or bore 
of pipes in which it is forming. Obviously, it is desirable to remove 
such “hardness” before the water is heated in pipes or boilers. 
Hardness also wastes soap, which is an important item in the 
textile industries and in laundries. Soap produces a sticky, gelat¬ 
inous, non-lathering precipitate * when added to water contain¬ 
ing dissolved calcium, magnesium, or iron compounds (these all 
constitute hardness). This sticky material has no cleansing quali¬ 
ties. It is cheaper to remove the hardness from the water before 
adding soap rather than to permit the soap to remove the hard¬ 
ness. Many hundreds of thousands of dollars worth of soap are 
wasted annually throughout the world in this way, especially in 
domestic use of water. 

All methods for reducing or removing hardness in water go 
under the name of water softening. The simplest scheme for 
removing hardness from water is to precipitate the calcium (or 
magnesium, or iron) by means of a chemical reaction and then, 
if necessary, remove the precipitate by filtration. Calcium bicar- 

^ An insoluble substance formed by a chemical reaction between dissolved materials ia 
called precipitate. 
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bonate can be removed by heating the water and filtering off the 
calcium carbonate CaCOs which precipitates.' 

Ca(HC 03)2 —^ CaCOs I + CO 2 t + H 2 O. 

100°C 

Calcium carbonate is far less soluble than the bicarbonate, and 
thus most of the calcium is removed as an insoluble precipitate; 
the amount that remains is so slight as to cause little concern. 
The ease with which this sort of hardness is removed from water 
has led to its being called temporary hardness. Since it is not 
always convenient to preheat the water, temporary hardness may 
be removed by addition of the calculated amount of the cheap 
reagent “milk of lime,” which is a sludge of the not too soluble 
Ca(OH )2 in water. Here also, the dissolved calcium compounds 
are almost wholly removed as insoluble calcium carbonate, which 
may be filtered off. 

Ca(HC 03)2 + Ca(OH )2 2 CaC 03 i + 2 H 2 O. 

Calcium sulfate CaS 04 and certain other soluble salts of calcium, 
and magnesium, when present in water, produce permanent 
hardness, because boiling does not form less soluble compounds., 
A simple and cheap way of removing permanent hardness from! 
water is to add soda ash Na 2 C 03 : 

CaS 04 + Na 2 C 03 CaCOs i + Na 2 S 04 . j 

Here again, most of the calcium is removed in the form of the 
highly insoluble calcium carbonate. The presence of tlie by¬ 
product, sodium sulfate Na 2 S 04 , is not objectionable for indus¬ 
trial use, since sodium compounds do not form scale nor precipi¬ 
tate soap. 

Natural Waters as Sculptors of the Earth 

: Water moving over or through the crust of the Earth may dis¬ 
solve relatively large quantities of rock material. In limestone 
regions, fissures and caves (Fig. 5) are formed where the calcium 
carbonate has been dissolved out as calcium bicarbonate. Waters 
charged with this substance run from cave to cave, trickling from 
the ceilings and oozing from the walls. As they emerge into an 

^ Precipitates will be indicated by downward arrows. 
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open cave, the rea(;tion by which the bicarbonate was formed is 
partly reversed, due to the escape of carbon dioxide: 

Ca(HC 03)2 CaCOa i + CO 2 t + H 2 O. 



Fig. 5 . limestone cave at lxjray, Virginia, showing stalactites and 

STALAGMITES 

Note the man in lower left comer. Copyright, Luray Caverns Corporation. 


The resulting calcium carbonate may be deposited in icicle-like 
forms where the water drips from the roof of a cavern. These 
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are commonly called stalactites. Because of the irregular way in 
which they grow and merge, they often present grotesque and 
fantastic forms variously tinted with natural colors from minerals 
in the surrounding Earth. On the floors of the caves there are 
usually mounds of the same material, which seem to be growing 
up to meet the stalactites. These are called stalagmites, and 
their origin is exactly the same as that of the stalactites except 
that the former are formed by the drip from the ends of the latter. 

Colloidal Suspensions 

The process of forming a solution has been described as one in 
which the solute is completely disseminated in the solvent, the 
molecules of each acting independently and being distributed at 
random. This distinguishes a true solution from a coarse sus¬ 
pension such as .the fine particles of clay in muddy water. The 
suspended particles in the latter are aggregates composed of many 
molecules and are large enough to be retained by the pores of a 
filter. There exists, however, between these two degrees of sub¬ 
division an intermediate range, the colloidal size. In some re¬ 
spects colloidal suspensions are similar to both solutions and 
coarse suspensions, yet the colloidally dispersed particles do have 
common characteristics which set them apart. Some people have 
even gone so far as to consider them another state of matter, the 
“colloidal state.” This distinction is not justifiable, for colloidal 
suspensions are merely intimate mixtures of materials in the 
three well-known states: solid, liquid, and gas. 

Just as there are true solutions in the solid, liquid, and gaseous 
states so also are there colloidal suspensions in solid, liquid, and 
gaseous media. Since, theoretically at least, either solid, liquid, or 
gaseous aggregates may be suspended in these media, a number of 
combinations are possible. Some of the better-known representa¬ 
tives of these types are given in Table I, on p. 326. 

Ordinary physical and chemical methods are employed to attain 
a sufficient degree of fineness of the material that is dispersed in 
another. The whipping of oil into vinegar to make mayonnaise is 
an example of a physical way of producing a colloidal distribution 
of one substance in another. Chemical reactions that lead to the 
formation of precipitates often produce particles of colloidal 
dimensions suspended in a medium. Thus a solution containing 
sulfate ions (SOi)*"" when added to one containing barium ions 
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produces a colloidal precipitate of barium sulfate BaSO^ 
in the aqueous medium. 


TABLE I 

REPRESENTATIVES OF THE SEVERAL TYPES OF COLLOIDAL 

SUSPENSIONS 


Medium 

Suspended Particles 

Solid 

Liquid 

Gaseous 

Gas 

Smoke in air 

Dust in air 

Mist or fog 

(Only true solutions 
exist) 

Liquid 

Dyes in water 

Butter fat in milk 

Soap in water 

Clay in muddy water 
Starfdi in water 

Kmulsions, like may¬ 
onnaise dressing and 
rubber latex 

Foams containing mi¬ 
nute bubbles (cf. flo¬ 
tation, p. 379) 

Solid 

Smoky quartz 

Metals in other met¬ 
als, producing great 
hardness, as in alu¬ 
minium alloys 

Water in butter fat 

Tiny bubbles of air in 
certain minerals 


Since the outstanding distinction between colloidal su.spensions 
and others is particle size, it will be well to note the limiting di¬ 
mensions for the several types of suspensions: 


Approximaie Size of 
Suspended Particles 

True solutions (molecular suspensions) from 1 X 10“*to 1 X 10“’ cm 

Colloidal suspensions 1 X 10“’ “ 1 X 10“^ cm 

Coarse suspensions > 1 X 10“‘ cm 

When the suspending medium is a fluid we notice certain other 
physical characteristics of colloidal suspensions: (o) The dispersed 
particles exhibit Brownian movement. Under the microscope 
they are seen to have a ceaseless motion in short zigzag paths due 
to the uneven buffeting they receive from molecules of the sus¬ 
pending medium. (6) The particles, are practically non-settling, 
because the effect of gravitational attraction upon them is negli¬ 
gible compared to the forces that cause their Brownian move¬ 
ment. (c) The colloidal suspension, like a true solution, passes 
through ordinary filters, (d) The suspension shows the Tyndall 
effect, a phenomenon due to the scattering of light by the par- 
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tides in suspension. If a strong beam of light is directed upon 
the suspension, each little particle in the path of the light scatters 
some of it, thus making the path of the beam visible. The appear¬ 
ance is quite the same as when a ray of sunshine falls into a 
darkened room, and colloidal dust particles disperse the light. 
True solutions are “optically clear”; when light is passed through 
them, almost no beam can be seen, (e) Most of the suspended 
particles bear an electric charge and will migrate under the in¬ 
fluence of an electric field. The latter phenomenon is known as 
cataphoresis. The particles are usually either all positively or 
all negatively charged and consequently repel each other. Deltas 
at the mouths of rivers are partly the result of the neutralization 
by the ions in sea water of the charges on colloidal clay particles 
borne by the river. Once the charges are neutralized, colliding 
particles may stick together and eventually become large enough 
to settle. Smoke, a colloid, is abated in many industries by sub¬ 
jecting it to a high-voltage electric field, which draws the charged 
smoke particles to an electrode where they are collected. 

Colloidally suspended material, because of its comparatively 
enormous surface ^ per unit of mass, has a proportionately en¬ 
hanced power to adsorb other molecules or aggregates. Adsorp¬ 
tion is a surface phenomenon and results in the adhesion of mole¬ 
cules, ions, atoms, or aggregates to a surface. The cleansing 
power of soap is due largely to the colloidal dimensions of its 
particles and their tendency to adsorb other minute particles 
such as constitute “dirt.” Once the dirt is adsorbed to the soap, 
both may be rinsed away. 

Chemical Properties of Water 

Having already noted a number of reactions which substances 
undergo while dissolved in water, let us now consider a few typical 
chemical reactions in which water itself is involved. Each one of 
these might be (tailed a specific chemical property of water. 

Water molecules have a marked tendency to unite with other 
molecules to form complex compounds called hydrates. These 

^ To help envisage the changes taking place in the exposed surfaces of substances when 
they are subdivided, suppose we start with a centimeter cube of a solid; this will pos¬ 
sess (3 square centimeters of surface. If we subdivide this cube into smaller cubes, each 
1 X 10~« cm on a side (thus bringing the particles into the colloidal range), we shall have a 
total of 6 X 10« sq cm of surface for the same volume of material (1 cc) as before. The 
surface has thus been extended 1 millionfold! 
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substanecs, although possessing definite composition and their 
own characteristic physical and chemical properties, can often 
be rather easily dissociated into the original molecules and water. 
This property is indicated by the following generalized equation 
in which AB represents the formula for any substance which 
may become hydrated and n represents an integer, usually small; 

AB + nH20 ^ AB,nE.,0. 

Hydrates are usually obtained in the laboratory l)y forming 
crystals from aqueous solution; they may then be dissociated by 
simple heating. A beaker containing copper sulfate CUSO 4 dis¬ 
solved in water is exposed to the air so that some of the water may 
slowly evaporate. Before long the solution becomes saturated, 
next supersaturated; and then blue crystals begin to grow. They 
have the formula CuS 04 , 5 H 20 , a hydrate. Upon heating the blue 
crystals, they change into white ones, the change in physical 
properties being accompanied by a chemical change. During the 
heating, a mist escapes from the crystals and droplets of water 
condense on nearby cold objects. The white crystals are found to 
have the formula CUSO 4 . Addition of small amounts of water 
causes them to revert to the blue (;rystalline hydrate CuS 04 ,r)H 20 . 
This latter change is referred to as hydration, whereas the expul¬ 
sion of water is dehydration. Both are definitely chemical changes, 
since new substances appear. The dehydration may be expressed 
as follows: 

heat 

CuS04,5H20 ^ CUSO 4 + 5 H 2 O T . 

(hydrated copper (anhydrous 

sulfate; blue) copper sul¬ 

fate; white) 

Other examples of well-known hydrates are: gypsum, CaS 04 , 
2 H 2 O; washing soda, Na 2 CO 3 , 10 H 2 O; and epsom salt, MgS 04 , 
7H2O. 

We may conclude from the above that a hydrate is a compound 
substance resulting from the union of water with another sub¬ 
stance. The hydrate contains the elements of water in such a 
manner that they are easily disengaged. Hydration and dehydra¬ 
tion are therefore like addition and subtraction of water with the 
limitation that definite chemical proportions are involved. 

The tendency to form hydrates is not confined to molecules, 
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nor even to the solid state. Ions in aqueous solution are hydrated ^ 
to greater or lesser extent depending upon conditions. Many 
complex natural substances, particularly those found in living 
plants and animals, are hydrated. The hydrous state is essential 
to the proper functioning of the living organism, and dehydra¬ 
tion brings death. 

Acids and Bases 

Water is intimately associated with the substances called acids 
and bases, and these two groups of compounds arc of great impor- 
tan(*e in industry and daily life (Chapters XXII and XXIII). The 
chemistry of acids and bases is concerned chiefly with ions and 
their interaction with one another and with neutral molecules. It 
therefore involves electrolytes, f.c., substances (hat are dissociated^ 
at least in part, into io7is vdien dissolved in a liquid such as water. 
If we rec^ollect the methods of preparing hydrogen (p. 309), we 
find that we have alrc'ady noted some of the propei’ties of sulfuric 
acid. At that time it was postulated that the acid was dissociated 
into hydrogen ions and sulfate ions. Actually there is also an 
intermediate stage of ionization: 

H 0 SO 4 + (HS 04 )~ (primary ionization) 

H+ + ( 804 )^“ (secondary ionization), 

but the intermediate ion (HS 04 )“ is often left out of considera¬ 
tion when it serves no good purpose to introduce it. Double 
arrows have been used to show that the reactions are reversible 
and that the products of the primary and soc-ondary ionizations 
are in equilibrium (p. 338) with the parent substances. The more 
dilute the solution the more the.se equilibria are displaced toward 
the right, which is another way of saying that ionization increases 
with dilution. 

Many substances behave like sulfuric acid; their aqueous solu¬ 
tions all contain H+, and they yield hydrogen ID at the negative 
electrode during electrolyses. They are all called acids. Whether 
or not a substance is to be considered an acid depends upon 

1 Attention should he called particularly to the hydration of the hydrogen ion. There is 
considerable evidence that it is a “mono-hydrate”: -}- H 2 O (HaO)^ in aqueous solu¬ 

tions. The use of the simpler symbol II'*' whenever (1130)“^ is meant, as is done in this text, 
is common practice. 
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whether it can produce protons (H+). The names and formulas 
of a few common acids are listed below. Their molecular formulas 
are given at the left, even though, in some cases, the molecules 
are practically completely dissociated in dilute solution. Only 
the primary stage of ionization is shown for sulfuric, phosphoric, 
and carbonic acids: 


Hydrochloric acid: 
Hydrobromic acid: 
Chloric acid: 
Phosphoric acid: 
Acetic acid: 

Nitric acid: 
Carbonic acid: 
Sulfuric acid: 


HCl H+ + Cl- 
HBr H+ + Bi- 
HClOa H+ + (CIO3)- 
H3PO. ^ H+ + (H2PO,)- 
HC2H3O2 ^ H+ + (C2H3O..)- 
HNO3 H+ + NO3- 
H2CO3 H+ + (HCO3)- 
H2SO4 H+ + (HSO.,)-. 


In addition to those already mentioned, there are several other 
characteristic reactions and tests for the hydrogen ion, which is 
the “tell-tale” of acids in aqueous solution. First, all aqueous 
solutions of acids taste more or less sour, depending upon how 
much H'*' is present. The sour taste of vinegar, a dilute aqueous 
solution of acetic acid, is due to H+. Because some acids are 
poisonous, we make little use of this taste test. Second, the solu¬ 
tions all have a similar chemical influence upon certain substances 
called indicators, causing them to change their colors. Indicators 
provide a convenient test for H+. For example, solutions of all 
ordinary acids will turn blue litmus, a natural dyestuff, red. 
Third, the hydrogen ion present in acid solutions may be replaced 
by active metals, with the simultaneous evolution of hydrogen: 

2H+ -t- 2€ ^ H 2 t (reduction of H+) 

Fe — 2€ -> Fe*+ (oxidation of Fe). 


Metals down to and including lead in the activity series (p. 304) 
will replace hydrogen in this way. We recognize the above as an 
oxidation-reduction reaction (p. 305) in which hydrogen ions 
acquire electrons, therefore act as oxidizing agent, and iron atoms 
lose electrons, thus acting as reducing agent. The reaction is often 
written in terms of molecules: 

Fe -H 2HC1 H* T -H FeCU. 
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Fourth, acids react with bases to form water. In a restricted 
sense, but sufficient for the present purposes, we may define a 
base as a substance which, in aqueous solution, gives rise to 
hydroxyl ions, (OH)~. A few common bases are; 


Sodium hydroxide (caustic soda): 
Potassium hydroxide (caustic 
potash): 

Barium hydroxide: 

Calcium hydroxide (lime water): 


NaOH Na+ + (OH)- 

KOH K+ + (OH)- 
Ba(OH)o Ba==+ + 2(OH)- 
Ca(OH )2 Ca»+ + 2(OH)- 


Mutual interaction Ix^tween acids and bases concerns the ions 
common, respectively, to each group, the H"* and the (OH)~: 

H+ + (OH)- H,0. (I) 

It will be noticed that this is the reverse of the dissociation reac¬ 
tion described on page 309. It is true that the reaction may pro¬ 
ceed either way, but under most circumstances it is practically 
complete in the direction as written above. It is well, however, 
to write the equation with double arrows H 2 O 11+ (OH)- to 

indicate the reversibility. 

According to our definitions, water is both an acid and a base, 
yielding both H+ and (OH)-, but only to a very slight extent. It 
would be called a “weak acid” and a “weak base,” since it gives 
rise to relatively few H+ and (OH)- ions. Acids like HCl and 
bases like NaOH are termed “strong,” since they are almost 
completely dissociated into ions. 


Neutralization Forms Salts 

Water is said to be “neutral” because it contains neither an 
excess of the acidic ion (H+) nor the basic ion (OH)-; both are 
present in equal numbers and to a very limited extent. If litmus 
is introduced into water, it will not be turned blue (basic reaction) 
nor red (acidic reaction); but if some hydrogen chloride HCl is 
added, a solution of hydrochloric acid, containing chiefly H+ 
and Cl“, results, and the indicator will turn red because of the 
H+ ions. By addition of a base, which yields (OH) ions, the 
excess H+ may be gradually reduced (reaction I above) until 
equal nmnbers of hydrogen and hydroxyl ions are present as in 
water—this procedure is called neutralization. At the point of 
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neutrality the indicator will have a color intermediate between 
red and blue. Neutralization is of importance for two reasons: 
first, it provides a way of estimating how much of an acid (or, by 
reversing the above procedure, base) is present in a solution. The 
proportions by weight in the reaction are obtained from equa¬ 
tion I, and the total amount of H+ available in the solution can 
be calculated (see below) if the amount of (OH)~ used to produce 
neutrality is known. This is true even if the acid be a weak one 
for, as the (OH)~ removes H+ from solution, forming water, 
undissociated acid molecules will produce more until all of 
the acid has passed through the ionic stage and practically all 
of the H+ is neutralized. Secondly, neutralization is important 
because it supplies a simple method of preparing salts. As an 
illustration we may add caustic soda solution to hydrochloric 
acid until neutral: 

Na"'’ -f- (OH)~ (caustic soda solution) 

Cl~ + H+ (hydrochloric acid) 

i 

H2O 

Equal numbers of sodium and chlorine ions remain in solution. 
If we evaporate the water, these ions combine to form crystals 
of common salt, NaCl. Mixtures of other acids and ba.ses would 
react similarly and the general name given to the solid substances 
which remain is “salt.” Another example of neutralization, 
forming a salt, is: 

Ba*"*" -f- 2(OH)~ (barium hydroxide solution) 

2 (N 03 )~ -t- 2H+ (nitric acid) 

i 

2H2O 

Evaporation yields the salt barium nitrate, Ba(N 03 ) 2 . 

Salts are composed of a positive ion (usually metallic) other 
than H+ and a negative ion other’than (0H)“ or It will be 
recalled that the special name “oxides” is reserved for compound 
substances containing 0““ ions. Most salts have no actual exist¬ 
ence as molecules in the solid state; they are merely aggregates 
of ions (p. 212). The same is true in solution where the ions are 
mobile and practically independent. The formulas for a few of 
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the more useful salts, together with the ions they form in solu¬ 
tion, are given in Table II. 


TABLE II 

SOME COMMON SALTS 


Chemical Name 

Common Name 

* Formula 

Io 7 ifi in Solution 

Ammonium chloride 
Calcium sulfate dihy- 

Sal ammoniac 

Nn4Ci 

NH4+ + Cl- 

drate 

Gypsum 

CaS04,2H20 

Ca«+ - 1 - SO4’*- 

Calcium carbonate 

Limestone 

CaCOa 

Ca*+ COa^- 

Lead chromate 
Magnesium sulfate 

Chrome yellow 

PbCr 04 

Pb^-^ + Cr04*“ 

heptahydrate 

Epsom salt 

MgS04,7H20 

Mg2+ + SO42- 

Mercurous chloride 

Calomel 

Hg 2 Cl 2 

Hg 22 ^ + Cl- 

Potassium nitrate 

Saltpeter 

KNOa 

K+ + NOs- 

Silver nitrate 

Lunar caustic 

AgNOs 

Ag+ -f NOs- 

Sodium silicate 

Sodium tetraborate 

Water glass 

Na 2 Si 08 

Na+ -f SiOa^- 

decahydrate 

Sodium carbonate 

Borax 

Na 2 B 4 O 7 , 10 H 2 O 

Na+ 4 - B4O72- 

decahydrate 

Sodium thiosulfate 

Washing soda 

Na2CO3,10H2O 

Na-^ + COs*- 

pentahy drate 

Hypo 

Na2S20s,5H20 

Na-^ -f 8203'- 


Figure 6 shows the kind of apparatus used in making a quanti¬ 
tative estimate of the amount of acid that is present in a partic¬ 
ular sample of a solution. A burette, which is a long glass tube 
graduated in milliliters, wdth a stopcock at the lower end, is used 
to measure exactly the amount of base that must be run into 
the acid contained in the beaker in order to just neutralize it 
(reaction I above). The point of neutrality is recognized with 
the help of an indicator added to the acid solution. The basic 
solution is run dropwise, with stirring, from the burette into the 
acid solution until the indicator begins to change color; then a 
reading of the burette will tell how much of the basic solution 
is required to neutralize the acid. This technique is called titra¬ 
tion, and the color change takes place at the “end-point” of the 
titration. The following illustration shows that it is a simple 
matter to calculate how much acid was originally present in the 
beaker. 

Suppose that to some hydrochloric acid originally contained in 
the beaker, 10.2 ml of sodium hydroxide solution must be added 
in order to neutralize it. The sodium hydroxide solution has been 
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made up to contain 40 g of NaOH per liter of solution. How 
much hydrogen chloride was there in the original solution? The 



Fig. 6. burettes, as used in 

IITRATION 


basis for this calculation is found 
in the equation for the reaction: 

Htn + NaOH NaCl + H^O. 
36.5 g + 40 g ^ 58.5 g + 18 g 

One liter of the sodium hydrox¬ 
ide, containing 40 g of NaOH, 
would have been sufficient to 
neutralize 36.5 g of HCl, but ap¬ 
parently only 10.2 ml were re¬ 
quired; consequently there were 

36.5 X g of HCl in the 

original acid solution. 

The above procedure can be 
reversed when it is necessary to 
determine the amount of a base 
present in a particular solution. 
An acid of known concentration 
is then placed in the burette 
and run slowly into the basic 
solution. Volumetric analyses of 
this sort are rapidly carried out 
and are therefore especially use¬ 
ful in industry, where large 
amounts of acids and bases, of 
which the concentration must 
be known, are frequently han¬ 
dled. 


Acidic and Basic Oxides 

A knowledge of the behavior of acids and bases in aqueous 
solution makes it possible to extend our study of oxides. These 
are divided into acidic and basic oxides; the oxides of metals are 
usually basic and those of non-metals, acidic. This division is 
based upon their reaction with water to produce either base 
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[excess of (0H)“] or acid (excess of H+). Examples of two 
metallic oxides that are basic follow: 

2Ca + O 2 -> 2CaO (white solid) 

CaO + H 2 O-» Ca(OH )2 (white solid) 

Ca(OH )2 ^ Ca2+ + 2(0H)- (dissolved) 

4Na + O 2 -> 2Na20 (white solid) 

Na20 + H 2 O-> 2NaOH (white solid) 

NaOH Na+ + (OH)- (dissolved). 

Oxides of non-metallic elements are usually acidic, as, for ex¬ 
ample, those of carbon and sulfur below; they form carbonic and 
sulfurous acids,* respectively. These oxides are also often called 
acid anhydrides, meaning literally acids without water. 

C -b O 2 - CO 2 (gas) 

CO2 + H2O ^ H2CO3 (dis.solved) 

jr 

H+ 

+ 

(HC 03 )-v^H+ + (COa)^- 

S -f- O 2 —> SO 2 (gas) 

SO 2 + H 2 O ^ H 2 SO 3 (dis.solved) 

11 

H+ 

+ 

(HS 03 )-^H+-f (SOa)**- . 

It is evident that simultaneous solution of an acidic and a 
basic oxide in the same water leads to a mutual neutralization, 
forming a salt. Such interaction between basic and acidic oxides 
takes place even in the absence of water, particularly if one or 
both are in the molten condition. 

EXERCISES 

1. Why would suspended solids such as one might find in natural waters 
cause trouble in steam plants? in laundries? 

2. Colloidal particles suspended in a medium have been described as non- 

* For similar cases, see the industrial processes for the production of sulfuric and nitric 
acids, pp. 399 and 405. 
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settling. The molecules of a gas are also non-settling. Point out clearly what 
these two cases have in common and how they differ. 

3. Phosphoric acid ionizes beyond the first stage, just as does sulfuric acid 
(p. 329). Write equations showing further acid ionization that is possible in 
this case. 

4. The replacement by iron of hydrogen in hydrochloric acid (p. 330) occurs 
briskly at room temperature. Recall the replac^ement by iron of hydrogen in 
steam (p. 310), and decide which method would be more suitable as (a) a labora¬ 
tory means of preparing hydrogen (b) an industrial method of producing hydro¬ 
gen. Consider both convenience and probable cost. Give reasons for your selec¬ 
tions. 

5. In the experiment used to illustrate the process of titration (p. 334), why 
is it unnecessary to know how much water was mixed with the hydrogen chloride 
in the original acid solution? Are there any practical limitations to the amount 
of water that may be present? 

6. Write an equation to show that barium oxide is a basic oxide. 

7. What weight of hydrogen could be obtained by means of a replacement 
reaction (such as with iron, j). 330) from the hydrogen chloride found present in 
the beaker in the illustrativ'e experiment given on p. 334. 

8. Write an equation, using ions, to show what would happen if sodium 
hydroxide solution were mixed with nitric acid. 

9. What volume of hydrogen gas, measured at and 700 mm pressure, is 
obtained when 10 g of iron arc allowed to react with more than sufficient hydro¬ 
chloric acid? The density of hydrogen under these conditions is 0.090 g/liter. 

10. What volume would the hydrogen evolved in the ])revdous problem (jccupy 
if its pressure was 1.5 atmospheres and its temperature 100°C? 

11. What weight of soda ash would be required to ‘‘soften’’ one million liters 
of a water that contained 50 parts by weight of CaB 04 per million parts of water? 

12. From the solubility curves given in this chapter, read off and record the 
solubility of each of the substances at 50°. 
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chapter XIX 


Chemical Equilibrium 


The concept of equilibrium is of use in every branch of science. 
It offers an explanation for many observations made in the lab¬ 
oratory and for dozens of natural phenomena which have come 
to a condition of equilibrium or are tending to reach such a state. 
From previous considerations it will be remembered that equilibria 
involve two or more tendencies or changes that have come to a state 
of balance. When equilibrium is established, the tendencies or 
changes are still in full operation, yet there is no resultant effect 
produced upon the system of materials or forces that are in the 
state of equilibrium. 

Equilibria in All Branches of Science 

The following list indicates how fre(}uently equilibria are dealt 
with in science and also gives an idea of their importance. Some 
of these have already been dis(mssed; the others will be touched 
upon in this and subsequent chapters. 

(a) Equilibrium of a particle: The sum of all the forces ac^ting upon 
the particle must be zero (p. 129). 

{h) Equilibrium of a body: There shall be no resultant force nor 
torque (turning moment) acting upon the body (p. 136). 

(c) Equilibrium at a transition point: For examj)le, water and ice 
may coexist in equilibrium at 0°C under atmospheric pressure. 
Molecules of water continuously transfer from each state to the 
other, yet in equal numbers and therefore with no resultant 
change in the amounts of the two (p. 209). Similar physical 
equilibria are discussed under vapor pressure (p. 205) and satu¬ 
rated solutions (p. 317). 

(d) Geological equilibrium: A river becomes “graded” or reaches 
its profile of equilibrium when the supply of rock fragments that 
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is delivered to the river is balanced by the ability of the stream 
to carry it off (p. 250). 

(e) Physiological equilibrium: Even as you are reading these lines 
there are thousands of delicvately balanced conditions of physical 
and chemical equilibrium or close approaches to them in your 
body (Chapter XXIV). 

(/) Chemical equilibrium: The dissociation of vsteam is a typical 
equilibrium reaction (p. 308). At a given temperature, as many 
molecules are recombining to form steam as are decomposing to 
form hydrogen and oxygen: 

2112^ 2 H 2 “h 02* 

For example, at 2000°C and at any given instant, 2% of the steam 
molecules are in the dissociated condition and exist as hydrogen 
and oxygen. A similar situation prevails in the electrolytic disso¬ 
ciation of water (p. 309). In fact, in all cases in which the double 
arrow (=f=^) is employed, it is implied that two reactions occur 
simultaneously and under iho same conditions and that one is the 
reverse of the other. The reaction as written can therefore not be 
complete in either diniction. 

Chemical Equilibrium Is Dynamic 

The reciprocal nature of the two reactions involved in a chem¬ 
ical equilibrium is illustrated by the combination of hydrogen H 2 
and iodine I 2 to form hydrogen iodide HI. If the colorless hydro¬ 
gen and violet iodine are taken in the proportion indicated by 
the equation: 

H 2 + I 2 ^ 2HI 

and heated to 356^C ^ in a closed tube, not all of the colored iodine 
vapor disappears. No matter how long the period of heating, 
there is formed only 80% of the amount of hydrogen iodide 
(colorless) indicated by the equation. It would appear that 
hydrogen iodide is not completely stable under these conditions, 
and, by decomposing, it is continually undoing the effect of the 
forward reaction. That this is the correct explanation is borne 
out by an experiment which demonstrates that hydrogen iodide 
is unstable at this temperature. If the pure, colorless gas is sealed 
into a tube and heated to 356°C, violet vapors of iodine appear; 
and, upon analysis, the mixture is found to contain only 80% as 
much hydrogen iodide as was put into the tube. This is a test 

1 This temperature has no special significance. It happened to be the one at which the 
experiments here reported were conducted. All three substances involved in the equilib¬ 
rium are gaseouf at this temperature. 
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for true equilibrium; if it can he approached from either side, as 
by starting with a mixture of hydrogen and iodine or with pure 
hydrogen iodide, and exactly the same equilibrium mixture at¬ 
tained, then it is certain that the condition of equilibrium is 
intimately connected with the two reactions chosen as starting 
points. There is not merely a kind of cessation of activity, which 
would mean in the above case that hydrogen and iodine stopped 
combining and hydrogen iodide stopped decomposing when the 
80% mark was reached; but both reactions are still in operation 
at equilibrium. One is occurring as rapidly as the other; and, 
since one produ(!es what the other decomposes, no apparent 
headway is made. 

An analogy may lead to a better understanding of the mecha¬ 
nism for dynamic equilibria. First, suppose there are two groups 
of boys, one of 5, the other of 8, and they are situated on opposite 
sides of a fence, and each group starts with 100 baseballs. Suppose 
also that the boys in the group of 8 can pick up balls and throw 
them faster than those in the group of .5 and, further, that no 
collisions occur between the balls. Let each group begin throwing 
balls over the fence at the same time. The outcome of all this 
will be: (1) after a time, more balls will be found lying on the 
ground on the 5-side than on the 8-side; (2) even though the 
boys on the 8-side act more quickly, their effectiveness will eventu¬ 
ally be cut down because of the shortage of balls on their side; 
(3) the number of balls on the 8-side will not drop to zero since 
the boys on the 5-sidc, although slower, nevertheless remain 
active and have plenty of balls to throw; and (4) a condition 
will be attained where as many balls are flying over the fence in 
one direction as in the other (equivalent to equilibrium), this 
because the slower boys have every opportunitj" to locate balls, 
whereas the quicker boys have only relatively few balls on their 
side of the fence. It may now be assumed that a blind man is 
being kept informed of the outcome of the contest by a report 
of the number of balls on each side after successive intervals of 
time. After a while the reports coming to him will always be the 
same, since equal numbers of balls are traversing the fence, and 
he might easily conclude that the contest was over and the boys 
had quit. The latter state of affairs would of course be one of 
rest and not of dynamic equilibrium. Scientists investigating 
chemical equilibria are in no better position than the blind man, 
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for the molecules undergoing change fall far outside the present 
range of vision. It therefore becomes necessary to apply special 
tests to be assured of the presence of the two opposing but bal¬ 
anced reactions. Every condition which is apparently one of rest 
must be scrutinized carefully; it may turn out to be one of equi¬ 
librium, in which change in one direction is occurring as rapidly 
as the counterchange. 

Just as there were equal and opposite rates of transposition of 
baseballs when equilibrium was established in the foregoing anal¬ 
ogy, so also is there equality in the opposite rates of transforma¬ 
tion in physical and chemical changes when equilibrium exists. 
The nature of these changes has already been considered for 
several physical and chemi(*nl equilibria. A few more (‘hernical 
equilibria will now be closely studied. It will be our purpose to 
arrive at (1) a mathematical statement that prescribes the be¬ 
havior of substances taking part in a chemical equilibrium, and 
(2) a law whi(;h enables us to predict how equilibria will be affected 
if conditions are changed. 

Rate of Chemical Reactions 

Chemical, like all other dynamic equilibria, represent a balance 
of two rates, that^ of the forward and the reverse reactions. By 
rate of a chemical reaction is meant the change in quantity or the 
change in concentration of an interacting substance per unit of 
time. That certain conditions have an effect upon reaction rates 
has already been pointed out in Chapter XVII. These fa(.*tors will 
now be reconsidered from the viewpoint of how they may affect 
two opposing reactions: 

Temperature: A rise in temperature always increases the rate of 
reaction; there is usually a two to fourfold increase for each 10° 
rise in the centigrade temperature, but no two reactions are 
affected in exactly the same way. The temperature wall appar¬ 
ently be of importance in the study of equilibria, since the two 
opposing reactions, being different, are differently affected by 
changes in temperature. 

Catalysts: Although catalysts have marked and highly specific 
influences upon the rates of certain chemical reactions, their 
effect upon chemical equilibria is unimportant, since it has been 
found that the state of equilibrium finally attained is the same 
both in the presence and absence of a catalyst. 
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Concentration : The rate of a chemical reaction is directly propor¬ 
tional to the concentration of the interacting substances (law of 
molecular concentrations, p. 302). This law will permit the deduc¬ 
tion of a quantitative expression of the state of equilibrium in a 
reacting system. A hypothetical case may be assumed: sub¬ 
stances A and B react to form C and D; the reverse reaction 
also exists: 


A A" B 0 “f- jD, 

Remembering that temperature also has an important influence 
on chemical reactions, it will be kept constant throughout the 
present consideration, and hence there will be no temperature 
effecit. According to the law of molecular concentrations, the 
rate of the forward reaction is proportional to the concentration 
of A and of B and therefore to their product. If Ca and Cb stand 
for the concentrations, expressed conveniently in terms of moles ^ 
per liter of the mixture, and R stands for rate of change in the 
concentration of A or R, then 

(1) R o: CaX Cb, 

and likewise the rate of the reverse reaction may be represented 
by: 

(2) R CcX Cb. 

Mathematically, this is equivalent to: 

(3) R = ViCaCb 

(4) R = 

where ki and k^ are simply proportionality (constants and do not 
have the same value, for R and R are found to be different when 
Caj Cb, Ccj and Cd are each unity. Constants ki and ko are called 
rate or velocity constants; they are characteristic for their particu¬ 
lar reactions and are a measure of the rate when the interacting 
substances are at unit concentration. 

If A and B are mixed, a reaction ensues whose rate is given 
by expression (3). In the first instant there is no C or D, and 
consequently the rate of the reverse reaction, given by expres¬ 
sion (4), is zero. But after this instant there will be some C and 

* The word mole» as used by chemists, means gram-molecular weight. Thus one mole 
of sulfuric acid =* 98 g of H 2 SO 4 ; five moles of water would be 5 X 18 *= 90 g of H 2 O. 
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Dj and the value of R will mount steadily as Cc and Cd increase. 
Concurrently Ca and Ch are diminishing, and so is, therefore, R. 
A time must come when the two rates are equal; the reactions 
are then at equilibrium. From then on, no further change will 
be noticed from outside the system [recall baseball analogy 
(p. 339): k represents quickness of boys,^ Ca represents the num¬ 
ber of baseballs available] even though, within, the molecules of 
A and B are forming those of C and D as fast as the reverse 
change is taking place. Whether there will be a higher concen¬ 
tration of A and B than of C and D when equilibrium is estab¬ 
lished depends upon ki and k 2 . If ki > k 2 , then CaCb will be 
less than CcCd and vice versa. This follows directly from equa¬ 
tions (3) and (4) : 


(at equilibrium) R = R, hence kiC^C/i = k^CcCu, 


and 


(5) 


CcCi) _ ki 

/t *” 1 


ki. 


The value of is a constant for a particular reaction and temper- 

K2 

ature; it is called the equilibrium constant It will be 

noticed that for each chemical reaction that has come to equilib¬ 
rium a definite ratio must exist between the products of the 
concentrations of the interacting substances CaCb and those pro¬ 
duced CcCd- In chemical industry it is desirable to employ re¬ 
actions for which the value of Ks^un. is large, for this means there 
will be a high concentration of products (CcCd) as compared to 
reactants (CaCh) in the equilibrium mixture. 

The value of the equilibrium constant K can usually be deter¬ 
mined by experiment. The most direct way is to allow the inter¬ 
acting substances to come to equilibrium and then analyze the 
mixture to determine the concentrations of the various sub¬ 
stances present. Substitution in equation (5) permits the calcula¬ 
tion of K. A knowledge of iiT is "of great value to the chemist or 
chemical engineer in that it permits him to calculate in advance 
what concentrations of materials will be present in a reacting 
mixture after equilibrium is established. 

It should be noted that increase (or decrease) in temperature 
affects the rate of every reaction differently; a rise in temperature 
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will increase ki and k 2 but not in the same way, and the ratio 
— (= will no longer be the same as it was at the lower 

k2 

temperature. Since the value for A",h,u.i. i« different, the concen¬ 
trations of the interacting substances A, A, C, and D at equilib¬ 
rium will be different from their concentrations at the lower 
temperature. Thus an equilibrium mixture at lower temperature, 
when brought to a higher temperature, will undergo a change in 
the concentrations in order to 
conform to the conditions im¬ 
posed on the system by the new 
temperature. Such a change in 
concentrations with a change in a 
condition (here temperature) is 
referred to as a shift in the equi¬ 
librium. This is the most impor¬ 
tant test for chemical equilib¬ 
rium. A change in conditions, 
since it affects the two opposing 
rates differently, brings about a 
shift in the equilibrium. 

Le Chatelier’s Principle 

In the previous discussion a 
way was suggested for calculat¬ 
ing the concentrations that will 
exist in a reacting system after 
it has come to equilibrium. In 
order to do this, it is necessary 
to know the equilibrium con¬ 
stant and the concentrations of 
the interacting materials at the beginning of the reaction. Fre¬ 
quently, however, it is not important to know the exact amounts 
of substances that will be present in equilibrium at a particular 
temperature, but it is desirable to know whether there will be 
more or less of a particular substance produced if the temperature 
is raised or lowered. This is equivalent to answering the question: 
^^How will the equilibrium A + B ^ C + D shift if the tem¬ 
perature is raised? Will the new equilibrium mixture contain 
more of C + D than the original, or less?'^ It is easily realized 
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that even such qualitative information may be of considerable 
value to someone interested in producing one of the substances 
C or D for sale. There is a principle which provides an answer to 
these questions directly; it has wide application to all systems in 
equilibrium. The principle of Le Chatelier states that an equi¬ 
librium, subjected to a change in conditions, will shift in the direction 
which tends to neutralize the change in conditions. 

Before the full import and the method of applying this prin¬ 
ciple can be understood, it is necessary to recall that every chem¬ 
ical and physical change is accompanied by an energy change 
(p. 306 and Chapter XII). A few examples follow: 

(1) H+ -|- (OH)~ HoO -|- 13,700 calories 

(2) H 2 O (solid) H 2 O (liquid) — 1422 calories 

(3) 3Fe -T 4 H 2 O ^ 4 H 2 -f Fe 304 -f- 15,000 calories 

(4) 2 H 2 -|- O 2 ^ 2 H 2 O -f- 116,000 calories 

(5) 2HI H 2 -f- I 2 — 2,800 calories. 

These are known as thermal equations, since they include the 
heat of reaction (energy) liberated or absorbed when the reaction 
goes to completion (left to right). The quantities of reactants 
are those indicated in the equations, measured in grams. Thus 
in equation (1): every time 1.008 grams of H+ are neutralized 
and one mole of H 2 O is formed, 13,700 calories of heat energy 
are obtained as well. According to equation (4), the formation 
of 36 grams of steam is accompanied by the release of 116,000 cal¬ 
ories of heat energy. The converse transformation, the dissocia¬ 
tion of 36 grams of steam into hydrogen and oxygen would re¬ 
quire the absorption of exactly the same amount of energy. 
Equation (2) shows that 18 grams of ice require 1422 calories to 
change them to 18 grams of liquid water at 0°C. Conversely, 
this same number of calories must be removed from 18 grams of 
water at 0° in order to freeze them. 

Effect of Temperature upon a System in Equilibrium 

It will be noted that in each of the above physical or chemical 
changes heat is evolved or used up. This is not an absolute re¬ 
quirement in a physical or chemical transformation. Energy 
may escape or be used up in other forms such as light, electrical, 
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or mechanical energy, but heat is the usual concomitant. The 
principle of Le Chatelier applies to all these cases. For simplicity, 
the commonest case is the only one considered here, that of 
liberation or absorption of heat energy. 

To return to the application of Le Chatelier’s principle in 
answering the questions propounded above: first, one must know 
whether the reaction is exothermal or endothermal (p. 306). 
Since this is a hypothetical case, it may be assumed to be exo¬ 
thermal ; 


hcaf, energy. 

If the temperature is raised, the equilibrium will shift in the 
direction which tends to neutralize the change in condition or, in 
other words, tends to neutralize or counteract the rise in tem¬ 
perature. A shift in the reverse direction (backward), since it 
absorbs heat, will accomplish this; and it is found that in the 
newly established equilibrium, there is less of C and D than in 
the original mixture. A lowering of the original equilibrium 
temperature would have caused the equilibrium to shift in the 
direction of liberating heat (forward) since this would tend to 
neutralize the lowering of the temperature. The amounts of C 
and D in the shifted equilibrium would then be greater than in 
the original mixture. Continued lowering of the temperature 
would tend to displace the equilibrium further and further in the 
forward direction or make the reaction, as written, more and 
more nearly complete. 

A few practical examples will show that the principle of Le 
Chatelier is a valuable tool in the prediction of the behavior of 
many different types of equilibria. The chemical equilibrium 
between nitrogen dioxide and tetroxide may be represented as 
follows; 


0“C 

2 NO 2 N 2 O 4 -H heat energy.* 

150°C 

(dark brown (colorless 

gas) gas) 


^ The substances involved in this equilibrium illustrate in a striking manner the im¬ 
portance of writing correct, and not merely the simplest, molecular formulas whenever 
they are known. The composition of both these compounds is correctly represented by the 
formula NO 2 , but to use that formula for both would give no clue to their striking differ¬ 
ences. Molecular-weight determinations show that the one type of molecule has twice as 
many atoms as the other. 
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The use of 0° above the forward arrow indicates the reaction is 
complete in the forward direction at 0 °. The 150° under the 
reverse arrow means the reaction is complete in that direction 
at 150°. At intermediate temperatures the equilibrium shifts 
from one extreme to the other. To learn about the behavior of 
this equilibrium, it may be supposed that there are three similar 
glass tubes containing equal amounts of the mixture, NO 2 and 
N 2 O 4 . One tube is kept at room temperature (25°C) for reference, 
the second is immersed in a freezing mixture, and the third is 
heated in a bath to about 150°C. After a time the three tubes 
are held against a white background and compared. The one 
kept at 150° will contain the deep brown, simpler molecules 
NO 2 , since the dissociation is practically complete at this tempera¬ 
ture. The one kept at lower than room temperature will contain 
a very pale, almost colorless mixture of the two gases, thus indi¬ 
cating only a very small proportion of the highly colored NO 2 . 
The one at room temperature will be intermediate in color. This 
is a striking demonstration of the correctness of predictions 
made with the help of Le Chatelier’s principle. Rise in tempera¬ 
ture should shift the equilibrium to the left, thus absorbing heat. 
Lowering the temperature should shift it to the right, thereby 
releasing heat energy. 

A familiar case of a shift in a physical equilibrium in a way 
which could be predicted by means of Le Chatelier’s law is; 

o^c 

H 2 O (solid) V- - ^ H 2 O (liquid) — heat energy. 

If the temperature is raised the equilibrium is shifted in the direc¬ 
tion which absorbs heat, i.e., the direction which tends to neutral¬ 
ize the change imposed upon the equilibrium from the outside. 
Heat can be absorbed by solid water becoming liquid water, 
which is the way the equilibrium shifts if an attempt is made to 
raise the temperature. Of course this shift will only be effective 
in neutralizing the outside influence as long as any ice remains. 
After all the ice is melted, this particular equilibrium no longer 
exists; and from then on the temperature rises. It is hardly 
necessary to point out that application of the principle to the 
converse of the above, that is to say, cooling of the equilibrium 
mixture, leads to the prediction that the equilibrium will be 
shifted, this time in the direction which liberates heat: liquid 
water will become ice. 
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Effect of Pressure upon a System in Equilibrium 

Thus far only the effect of change in temperature upon a mobile 
equilibrium has been considered. Temperature is, however, only 
one of the conditions that may be changed. An alteration of the 
pressure or the concentrations will likewise bring about a shift 
in an equilibrium, if such shift will tend to neutralize the change 
in conditions. In gaseous equilibria, such as HI and N 2 O 4 above, 
change in pressure is equivalent to change in concentration, for 
pressure and concentration are directly proportional. But in 
equilibria involving solids and liquids, changes in pressure and 
concentration must be considered separately since they are no 
longer proportional. 

A gaseous equilibrium reaction that is important commercially 
will illustrate the first point regarding pressure change and its 
effect upon equilibria. Ammonia NH 3 is produced on a large 
scale by bringing together N 2 and H 2 at about 550°C (p. 409); 

N 2 + 3 H 2 ^ 2 NH 3 + 24,000 calories. 

1 volume + 3 volumes 2 volumes 

According to the equation, 1 molecule of nitrogen is required for 
every 3 molecules of hydrogen in order to form 2 molecules 
of ammonia. Conversely, if the reaction is reversed, every 2 
molecules of ammonia form 4 molecules of mixed gases, 3 of 
hydrogen and 1 of nitrogen. If the forward reaction occurs in a 
container whose volume is fixed, the pressure should decrease, 
because the number of molecules decreases (4 -^2). Similarly, 
if only the backward reaction occurs, the pressure should increase 
because of the increase in the number of molecules (2 4). 

At equilibrium, the rate of the forward reaction equals that of 
the reverse and there should be no net change in the number of 
molecules or the pressure. If, how^ever, an equilibrium mixture 
of nitrogen, hydrogen, and ammonia is subjected to an increase in 
pressure from the outside, as by compressing it into a smaller space, 
then a shift will occxu- in the equilibrium in the direction which 
itself produces a lowering of pressure, i.e., fewer molecules. This is 
the forward direction. The extent of the shift will depend upon the 
pressure that was applied. Several hundred atmospheres pressure 
are needed in practice to shift the above equilibrium appreciably 
in the direction of forming ammonia from hydrogen and nitrogen. 
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Decrease in pressure upon the above mixture of gases in equi¬ 
librium results in a shift in the backward direction, since this 
produces more molecules and thus, of itself, tends to increase the 
pressure. Both the effect of lowering the outside pressure and 
that of increasing it are seen to be strictly in accord with the 
behavior that would have been predicted for the system by 
Le Chatelier. 

Variation of pressure to shift equilibria is most effective in 
gaseous reactions, because these substances undergo the greatest 
changes in concentration (see below) when subjected to pressure 
changes. Equilibria involving only liquids, solutions, or solids 
are only very little affected by pressure because of the slight 
compressibility of these substances. Some gaseous reactions are 
not at all influenced by change in pressure. They are the ones, 
like H 2 -f I 2 ^ 2HI, in which the numbers of molecules on each 
side of the equation are identical. Here no shift in equilibrium 
can occur which will either increase or reduce the number of 
molecules and thus increa.se or decrease the pressure. 

The Effect of Changing Concentration 

Many of the chemical reactions considered in later chapters 
will be reactions that are carried out in solution, where there is 
an excellent opportunity to vary another condition; concentration. 
Le Chatelicr’s principle may be used to predict what shifts will 
occur when a change is made in the concentrations of substances 
in equilibrium in solution. The following equilibria, set up when 
the salt antimony trichloride SbCU is added to water, will serve 
as an illustration; 

SbCU + H 2 O ^ SbOCl -b 2HC1 

11 

SbOCl i 

(solid) 

All the substances in the upper equation (read horizontally) are in 
the aqueous solution that is formed. Most of the antimony 
oxychloride SbOCl, however, separates out as a white precipitate, 
since it has a low solubility in water. There are now two mobile 
equilibria: one is chemical, between the small amount of dis¬ 
solved SbOCl and the HCl, H 2 O, and SbCh; the other is physical, 
between the precipitated, solid SbOCl and the dissolved SbOCl 
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(saturated solution). The principle of Jje Chatelier implies that 
by increasing the concentration of HCl, which can be accomplished 
by adding concentrated hydrochloric acid, there should result a 
shift in the equilibrium in the direction which tends to reduce its 
concentration. In other words there should be a shift to the 
left. This, of course, would be accompanied by a reduction in 
the concentration of the other substance involved in the back¬ 
ward reaction, the SbOCl. Lowering the concentration of dis¬ 
solved SbOCl would cause some of the solid to pass into solution 
so as to reestablish its equilibrium with dissolved material. This 
is in itself another application of the principle of Le Chatelier, 
here to the physical equilibrium: 

SbOCl (dissolved) SbOCl (solid). 

When the experiment is performed it is noticed that the amount 
of solid material does diminish when concentrated hydrochloric 
acid is stirred irv, just as was predicted. In fact, one can in this 
manner displace the chemical equilibrium so far to the left as 
to redissolve all of the precipitate. If, after that is accomplished, 
water is added to the mixture, the equilibrium is shifted back to 
the right as might be expected. As a result, the solution first 
becomes saturated with SbOCl, then supersaturated, and finally 
crystals of the solid appear as a precipitate. 

Reactions That Go to Completion 

The foregoing equilibrium is one of the sort frequently encoun¬ 
tered in chemical operations. In many reactions the chemist is 
interested in producing something for use or for sale. He wants 
the reactions to go as nearly to completion as possible. It has 
been seen that by changing the temperature at which a reaction 
is carried out, the equilibrium may be shifted toward completion. 
Usually this is not nearly as effective a way of bringing a reaction 
almost to completion as is the reduction of the concentration of 
one or more of the substances concerned in the reverse reaction. 
In the equilibrium above, the concentration of SbOCl is very low, 
due to its insolubility; and the rate of the reverse reaction, which 
depends on this concentration, is practically reduced to zero. 
When equilibrium is established, the rate of the forward reaction 
must be equal to that of the reverse; therefore both rates will be 
almost nil. This can only become true if the concentrations of the 
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substances concerned in the forward reaction have dwindled, 
due to reaction, so as to have a very low value. This in turn is 
tantamount to saying that the forward reaction is complete for 
practical purposes. 

The chemist therefore often deliberately plans to have one or 
more of the products of his reactions turn out as an almost in¬ 
soluble solid, a gas which escapes, or an un-ionized substance 
which does not take part in ionic equilibria. Any of these will 
drastically reduce the concentration of one or more of the sub¬ 
stances con(*erned in the reverse reaction and thus permit the 
forward reaction to go practically to completion. 

Equilibrium, a “Natural” Condition 

The chemical and most of the physical equilibria considered 
in this chapter have been dynamic in two different senses. First, 
there were two opposing phenomena, in each of which there was 
a continuous motion or change. Secondly, the equilibria them¬ 
selves were mobile and shifted with changes in the environment. 
Despite this apparent lack of fixity of equilibria, they nevertheless 
represent the condition to which all natural things tend to come 
and in which they tend to remain. The universal applicability 
of the principle of Le Chatelier is itself the best proof of this. A 
system in equilibrium is buffered against change. Almost any 
change that may be made in the environment brings about a 
reaction (shift) in the equilibrium which is in the direction of 
neutralizing the change or undoing the effect produced by the 
change. 


EXERCISES 

1. When 12 g of carbon react with sufficient oxygen to give carbon dioxide, 
96,000 calories of heat energy are released. Write the thermal equation for this 
reaction. 

2. Calculate the number of tons of coke (consider it pure carbon) that would 
have to be burned to produce 10^^ calories of heat energy. 

3. What effect, if any, should increase of pressure have upon the equilibrium 
H 2 + I 2 ^ 2HI? Explain. 

4. Show how each of the five equilibria listed on p. 344 will be shifted if the 
temperature is lowered. 

5. Apply the principle of Chatelier in predicting how the equilibrium be¬ 
tween nitrogen dioxide and nitrogen tetroxide will shift if the pressure is in¬ 
creased. 
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6. With the help of Le Chatclier’s principle show that the vapor pressure of a 
liquid should increase with rise in temperature: liquid vapor — heat energy. 

7. Show that the solubility of salt should increase with rise in tem})erature. At 
equilibrium (saturated solution) the following is true: 

Na^"Cl~ Na+ + Cl~ — heat energy. 

(solid) (dissolved) 
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The Periodic Classification 


A primary aim of classification is to arrange objects or facts 
so that one may acquire the greatest possible command oyer 
them with the least possible effort. The earliest such arrangement 
of the elements grouped them into metals and non-metals. With 
the former were associated such properties as high luster, hard¬ 
ness, elasticity, and high melting point. The non-metals, gener¬ 
ally, did not possess the.se qualities. About three fourths of the 
known elements may be considered metallic, and an additional 
half dozen are on the border line. The metals can in turn be split 
into two groups, those that are relatively inert or “noble” and 
those that are chemically active or “base.” While such a classifi¬ 
cation serves many useful ends, it is too broad to be of much 
value to the scientist who wishes to understand why certain 
groups of elements show many similar characteristics yet possess 
shades of difference among them.selves. 

Other early attempts at classifying the elements sought to use 
their acidic or basic properties or their valence as a means of 
grouping. The.se schemes all gave way to a later classification 
based upon atomic weights, the one that is in use today. The 
relative atomic weight of an element is a fixed property, and it is 
not affected by any ordinary physical or chemical change. It 
thus provides a suitable starting point for a systematic arrange¬ 
ment of the elements. Early in the last century the attempts to 
arrange the then known elements according to their atomic 
weights suffered from two serious handicaps: first, only about 
half the elements had been discovered; and second, the relative 
atomic weights assigned to the elements were often in error. It 
was only after further advances along these lines that a successful 
classification was made. 
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Mendeleeff’s Periodic Arrangement of the Elements 

In 1869, a Russian physical chemist named MendeMeff pre¬ 
pared a table with the known elements arranged in order of in¬ 
creasing atomic weight. He also divided them into series or 
periods and placed one period under the other so that elements 
having similar properties fell into the same column. This scheme 

TABLE I 

THE PERIODIC CLASSIFICATION OF THE ELEMENTS 

ACCOKDING TO ATOMIC NUMBERS 


Period 


First 

H He 

_LL _ 'J_ 

Second 

1 1 

Li Be B C N 0 F Ne 

3| 4j 5| 6| 7| 8| 9| 10| 

Third 

1 1 i I I I 1 1 

Fourth 

Cr'Mri'^’e-Co-fSIi'^Cu^^^^^Sir^Ge^^^A?^^ 

19| 20j 211 2?1 23] 24| 25| 26 27 28 29| 30| 311 32| 33| 34| 35) 36) 

Fifth 

1 1 1 1 1 1 1 1 1 1 1 1 .r' 1 ’ 1 

Rb Sr Y Zr Cb Mo Ma Ru-Rh-Pd Ag Cd In Sn Sb Te I Xe 

371 38| 39( 40) 411 42 ( 43) 44 45 46 47) 48( 49[ 50) 51 ( 52) 53) 54) 

Sixth 

1 1 1 1 1 1 1 1 1 1 1 1 1 1 1 

Cs Ba La* Hf Ta W Re Os-lr-Pt Au Hg Tl Pb Bi Po (85) Rn 

55| 56) 5/) 72| 73| 74| 75 76 77 78 79 80 81 82 83 84 86 

Seventh 

1 1 1 1 1 1 

(87) Ra Ac Th Pa U 

88 89 90 91 92 

Mam Groups 

1 2 

Transi¬ 

tional 

Triads 

3 4 5 6 7 0 

Sub Groqps 

3 4 5 6 7 

1 2 

* Rare Tarths° ^ } Ce, Pr, Nd, II, Sm, Eu, Gd. Tb, Dy, Ho, Er, Tm, Yb, Lu. 


of classification, with additions and improvements, has come 
down to the present day and has proved to be one of the most 
important in all of science. Table I is a modern version of it and 
shows clearly the periods and columns referred to. Each column 
is subdivided into a main and a subgroup. 

Mendel6eff was guided largely by chemical properties in plac¬ 
ing the elements. In his purely empirical arrangement he recog¬ 
nized that elements with similar chemical properties (valence) 
fell into the same group. It was this that permitted him to con¬ 
struct a table for some 80-odd elements when only about 60 of 
them were known. Many spaces were left blank for elements yet 
to be discovered. The conclusion to be drawn from an examination 
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of such a table is that the properties of the elements are periodic 
functions ^ of their atomic weights. This is often called Mendel6efE^s 
Periodic law. Most of the physical properties of the elements 
when plotted against atomic weight show a periodicity which 
keeps step with the arrangement in the table. An illustration of 
this is given in Fig. 1. Here the density is plotted against the 



Fig. 1. THE VARIATION OF DENSITY WITH ATOMIC NUMBER 
The densities are for the solid elements in g/cc at 20°C except for 11, N, O' F, Ne, 
Cl, A, Br, Kj*, Xe, Hg, and Itn; these are measured at their melting [Hants. 

position number (atomic number) in the table. Each dot repre¬ 
sents an element, and the arrows indicate the beginning of a 
series in MendeleefFs classification. It is apparent that the first 
member in each series is found in a trough in the curve and that 
the transitional triads (see Table I) occupy the peaks of the 
curve. Table II indicates that chemical properties (valence) 


TABLE !l 

FORMULAS OF OXIDES OF ELEMENTS IN THE SECOND AND 

THIRD PERIODS 


Group 

1 

2 

3 

4 

3 

6 

7 

0 

No. 









1 

2 

s 

‘ 4 

6 




1 

Li 20 

BeO 

B 2 OJ 

0 

p 

N 2 O, 

— 

— 

— 


1 

2 

s 

4 

& 

6 

7 



Na^O 

MgO 

A 1203 

Si02 

P 2 O, 

SO3 

CI2O7 

— 


^ A periodic function is one whose value repeats itself at regular intervals. The inten^'Ki 
is called a /mod. 
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also show a periodic variation with increase in atomic weight. 
Here oxides of the elements in two of the short periods are listed 
under the group numbers. The valence numbers (p. 294) of the 
elements are given above the symbols, that of oxygen being 
omitted since it is throughout. The regular increase in valence 
toward oxygen in each period is unmistakable. 

Table I actually lists the elements according to increasing 
atomic number (p. 100), but with few exceptions it is the same 
order as that of increasing atomic weights. In fact, the order 
given is exactly the same as that employed by Mendel4eff. For 
two elements he found it necessary to violate the rule of order 
according to increasing atomic weights (Te-I, Co-Ni). If these 
elements are arranged in the proper sequence of atomic weights, 
they fall into groups to which, according to their properties, they 
do not belong. Mendel^eff’s misplacement of these elements to 
make them fall into appropriate groups was deliberate and arbi¬ 
trary, but later work has justified his step completely. The bril¬ 
liant work of Moseley (1913) and other physicists, which gave us 
the atomic numbers, has corroborated the original empirical ar¬ 
rangement of MendeMeff. In addition, the recent experiments 
have led to theories of the structure of atoms (p. 100) which 
provide an explanation for the marked regularities embodied in 
the Periodic Table. 

Characteristics of the Table 

As has been said, the vertical columns are usually called groups 
and the seven horizontal lines are series or periods. It will be 
noticed that there are two short series (not counting H and He) 
and four long series, the last of which is incomplete. Each short 
period contains eight elements and each long period contains 
eighteen, of which the middle three are the so-called transition 
triads. The members of the short periods may be taken as t3rpical 
elements, because they characterize the particular group of which 
they are members. Note that from each set of t 3 q)ical elements 
lines diverge to two groups, one placed on the left, the other on 
the right of the original coliunn. The typical elements are con¬ 
nected by full lines to that column which constitutes the re¬ 
mainder of the main group and by dashed lines to a group of 
elements called a subgroup. The properties of the elements 
demonstrate that there is often a distinct difference between the 



356 


PHYSICAL SCIENCE 


members of a particular main and subgroup. For example, while 
Cr, Mo, W, and U resemble each other closely, they show only a 
formal likeness to O, S, Se, Te, and Po. The elements of the 
former group are typically metallic in the physical sense, whereas 
those in the latter are non-metallic. Chemically these groups 
also differ considerably, although the valence number of six is 
characteristic of all; e.g., they occur in such compounds as:— 
CrOa, SO 3 , Na 2 Cr 04 ,* NaaSOt.* The transition triads, Fe, Co, 
and Ni; Ru, Rh, and Pd; Os, Ir, and Pt, are each, as a group, so 
closely alike in physical and chemical properties that they are 
not separated for the purposes of this classification. The fourteen 
rare-earth elements do not find a place in the table. They are 
very closely allied to lanthanum in chemical and physical prop¬ 
erties, and hence this element may stand as a prototype for all of 
them. This group of elements is unique in that there is hardly 
any difference in physical and chemical properties from one ele¬ 
ment to the next. Mendel6eff arranged them together outside the 
main body of the table. Today it is understood that their sim¬ 
ilarity is due to identical exterior electron configurations in the 
atoms (see below). The atoms of these elements differ only in 
inner electron arrangement, which has very little influence on 
their physical and chemical properties. 

As has been said above, most of the physical as well as chemical 
properties of the elements vary periodically with the position in 
the table. Thus valence (the outstanding chemical property), 
specific gravity, atomic volume, melting point, color, thermal 
conductivity, etc., all show a characteristic periodicity (similar 
to Fig. 1) when plotted against atomic weight. 

Elements in main group 1 and subgroup 1 are all monovalent, 
the main-group elements exclusively so. As has already been 
suggested (p. 295), copper may have a valence of 1 or 2. Sim¬ 
ilarly gold may be monovalent or trivalent. This phenomenon of 
polyvalence is exhibited by most of the elements and is due to the 
loss, gain, or sharing of less than the full quota of valence elec¬ 
trons of an atom (see below). In-main and subgroups 2, bivalence 
prevails (except for Hg, which may also be monovalent). This 
regularity—the valence agreeing with the group number—per- 

* Recalling that the algebraic sum of the positive and negative valences in a compound 
is zero (p. 295) and remembering that oxygen is always bivalent and negative and sodium 
monovalent and positive, we must conclude that the valence of chromium in NasCr 04 
and of sulfur in ^asS 04 is six, positive. 
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sists ^ throughout the table and is undoubtedly one of the most 
valuable features of the classification. The Mendeleeff arrange¬ 
ment gives prominence to only one valence for each clement, the 
group valence, and this often does not correspond to the valence 
most frequently exhibited by the element. While this was orig¬ 
inally looked upon as a defect of the table, it has (‘eased to be of 
much concern since the discovery of the relationship between 
variable valence and the structure of atoms, a matter to which 
we shall return presently. 

From the scientist’s viewpoint this system of classification 
has its greatest utility in that it collects an unwieldy number of 
elements, some 92, into a small number of well-organized groups, 
the members of which have many points' of resemblance. An 
advantage of the system which contributed more than any other 
toward the original success of Mendel6eff’s scheme was that it 
enabled him to make accurate predictions regarding new elements 
and their properties. At the time the first table was published 
(1869) there were many empty spaces on the chart, about one 
third of the elements being still unknown. By a judicious appli¬ 
cation of the princdple that intermediate members of a group or 
series have properties that are practically the averages of the 
properties of their neighbor elements, Mendeleeff and his suc¬ 
cessors were able to foretell properties for all the elements not 
yet discovered and for which blank places appeared in the chart. 
Similar methods of reasoning led to the detection of certain gross 
experimental errors that had been made in the determination of 
the atomic weights and other properties of the elements. 

The remarkable success that attended Mendel6eff’s predictions 
is illustrated in Table III. Here the properties predicted for the 

TABLE III 



Predict cfl 1871 
Eka-ailicon 

Discovered 1886 
Ocrminium 

Atomic weight 

72 

72.6 

Density 

5.5 

5.47 

Color 

dirty gray 

grayish white 

Density of oxide 

4.7 

4.703 

Boiling point of chloride 

below 100 ° 

86 ° 

Density of chloride 

1.9 

1.887 

Boiling point of tetraelhyl compound 

160° 

160° 

Density of tetraethyl compound 

0.96 

nearly 1 

1 Elements in the zero group, the inert gases, have zero valence or no combining capacity. 
The elements in the transition triads have variable valence. 



358 


PHYSICAL SCIENCE 


element eka-silicon, now called germanium, are compared with 
those actually found for the element after its discovery. 

Even today, after almost three quarters of a century have elapsed 
and when only one or two elements remain undiscovered, we 
continue to use the Periodic Table as a guidepost in research 
and as an invaluable aid to our memory. Quite apart from its 
practical value, the classification will always stand as an ex¬ 
ample of signal success in an attempt to bring order into a hetero¬ 
geneous collection of facts, and it will remain as a fitting memorial 
of the efforts of Mendel4eff and dozens of later chemists who 
helped to complete it. 

In passing, it may be mentioned that the Periodic Table also 
groups the elements according to their metallic or non-metallic 
nature. The elements on the left are the most metallic, while those 
in certain groups on the right are completely non-metallic.. It is 
easier to point out the non-metallic elements, since they are 
relatively few. Main groups 5, 6, 7, and 0 contain non-metallic 
elements. B, C, Si, and Ge are likewise non-metallic. All the 
other elements possess the physical properties of metals (p. 368). 

Atomic Numbers and X-Ray Spectra 

The discovery of the empirical relationship known as the 
periodic classification immediately stimulated the search for some 
fundamental property of atoms that would account for the extraor¬ 
dinary relationships noted in the table. However, more than 
forty years passed before the first definite connection was estab¬ 
lished between a fundamental property of the atom and its posi¬ 
tion in the Periodic Table. As was stated earlier, the English 
physicist Moseley, in 1913, discovered that the characteristic 
X-radiations sent out by an element depended upon its position 
in the Mendel4eff scheme. To examine the X-rays that are 
emitted by an element, it is usual to place some of the element on 
the target of an X-ray tube (p. 88) and bombard it with elec¬ 
trons. The X-radiation coming out of the tube is found to be 
characteristic for each element and contains many different wave 
lengths (Chapter XXXI). These may be spread out into a spec¬ 
trum in much the same way as the colors making up white light 
are dispersed by a prism of glass. 

Moselej’’ found that the wave lengths of corresponding X- 
radiations emitted by each element were not periodic functions 
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of the atomic weights. An analysis of the strongest X-ray lines 
(wave lengths) of a few elements is shown in Fig. 2. It is clear 
that there is a regular diminution in the wave length as progres¬ 
sively heavier elements are placed on the target of the X-ray 
tube. Physicists have interpreted this to mean that the positive 
charge on the nuclei of the atoms of the respective elements in¬ 
creases as the X-ray wave length 
decreases. It is possible to cal¬ 
culate ^ this positive charge, 
called the atomic number, from 
the wave lengths of the X-rays 
emitted by each particular ele¬ 
ment. 

The atomic number of an ele¬ 
ment corresponds exactly to its 
position number in the Men- 
del6eff table. Here for the first 
time was a connection between 
the periodic arrangement and an 
intrinsic property of the atoms, 
number in the Bohr theory of the structure of atoms has already 
been noted (p. 104). It now remains to point out that a careful 
analysis of all the wave lengths of the X-rays and other types of 
radiation emitted by an element allows the theoretical physicist 
to arrive at a rather complete ^'structure'' for the atoms of the 
element. By structure one usually means an arrangement or 
allocation of moving electrons such as was first satisfactorily 
presented by Bohr. It is this structure that varies periodically 
with increasing atomic number and which is held to be responsible 
for the periodicity in the physical and chemical properties of the 
elements. 

The atomic number is apparently of much greater significance 
than atomic weight. The former gives the exact position in the 
periodic classification and also the number of positive charges on 
the nucleus and therefore of planetary electrons in the atom. 
The atomic weight is a secondary characteristic and usually has 
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Fig. 2. characteristic x-ray emis¬ 
sion SPECTRA (k-SERIEB) 


The usefulness of the atomic 


' The approximate relationship is: Z 



1, where Z is the atomic number of the 


element or the number of units of positive charge on the nuclei of its atoms, k is a constant, 
and X is the wave length of the most prominent line in its X-ray spectrum. The unit of 
positive qharge is the same as that on an electron (4.80 X 10“^® eau) but opposite in sign. 
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a non-integral value. In such cases it is the weighted average for 
the two or more isotopes of the element. 

Valence and the Structure of Atoms 

Valence has been shown to vary according to the Periodic law, 
and it is intimately connected with the gain, loss, or sharing of 
electrons by atoms (p. 294). The structure of atoms also varies 
periodically, and it is well known that the “structure” involves 
electrons. It is evident therefore that valence and stru(4ure have 
much in common. The following paragraphs endeavor to show 
that the fundamental chemical property of valence, whether it 
be electrovalcnce (gain or loss of electrons) or covalence (sharing 
of electrons), is determined by the structure and varies periodically 
because the latter does. 

Hypotheses about the structure of atoms have multiplied 
rapidly since Bohr first postulated circular electronic; orbits in 
hydrogen and helium and used them to explain the manner in 
which these atoms emitted light (p. 100). In order to explain 
the light emission and the chemical and other properties of more 
complex atoms, it became necessary to assume that the electrons 
in atoms were associated in groups which occupied what might 
roughly be called concentric shells about the nucleus. Accord¬ 
ing to the electronic theory of valence the latter phenomenon is 
associated only with the outermost shells of electrons in the 
planetary systems that encircle atoms. These have been termed 
valence electrons. A fundamental postulate is that an octet or 
eight-shell of electrons is the most stable form for the outermost ring. 
When this is attained the atom shows little further tendency to 
react by gaining or losing electrons. This is borne out by the 
fact that the inert gases (Group 0), with the exception of helium, 
possess such a structure. They are almost devoid of any tendency 
toward chemical union. They do not tend to lose, gain, or share 
electrons. The stable octet idea is also supported by the fact 
that very many chemical reactions result in products which, 
because of a redistribution of electrons, possess more electron 
octets than were present in the original interacting materials 
(Fig. 4). A pair of electrons, as in helium, is apparently another 
stable arrangement. Many chemical reactions of the covalent 
type lead to pair formation. 

Figure 3 shows sketches of the Bohr structures for fj)ie ten 
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lightest elements. Concentric circles are used to represent the 
shells of electrons, and the numbers indicate the electrons in 
each shell. The total number of these electrons in the neutral 
atom must equal the number of positive charges on the nucleus 
or the atomic number. Bohr postulated that the maximum 
number of electrons for any particular shell is given by 2^^ where 
n is the number of the shell, counting from the nucleus out. Ac¬ 
cording to this the first shell or level may contain no more than 


r 



Hydrogen 


2 “ 



Helium 



Lithium 

Fig. 3, 


Beryllium 


Boron 


Carbon 


Nitrogen 


Oxygen 


Fluorine 


Neon 


HOHU STRUCTURES FOR THE TEN LIGHTEST ELEMENTS (SCHEMATIC) 


2 electrons. With the element lithium a new level of electrons, 
the second shell, must begin. In the short series from lithium to 
neon it is evident that a stable inert gas configuration in the 
valence shell of an atom can be attained either by losing the 
electrons in the outer shell and reverting to the helium type or 
gaining electrons to attain the neon configuration. The loss or 
gain of electrons will alter the original neutrality of the atom 
and will confer upon it a characteristic valence, since the gain or 
loss of electrons is usually coupled with combination among 
atoms. If electrons are lost, the result will be an excess of positive 
electricity; the element then has a positive valence. This sort of 
valence is called electrovalence. It results in the formation of 
simple positive ions, as, for example, Li"'" and Be^+. The metallic 
elements form independent positive ions of this kind, and they 
therefore represent the group of elements which, upon combina¬ 
tion with non-metallic elements, yield electrovalence compounds. 
By the gain of electrons simple negative ions may be formed, as 
F~ and O^”. Only the non-metallic elements form such independ¬ 
ent negative ions. 

The first two elements in the series Li Ne lose their small 
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number of electrons rather than gain others; their usual behavior 
is characterized by a positive valence of one for Li, as in Li+Cl~, 
and two for Be, as in Be^+CL". It will be noted that the valence 
is regulated by the number of electrons that can be gained or 
lost. Coming to boron, with three valence electrons, it might be 
supposed that its atoms would, by chemical combination, either 
gain five or lose three electrons and thus arrive at an octet or a 
pair. We find that it does not completely lose or gain electrons 
but shares its own with other atoms in such a way as to acquire 
a share in a maximum of eight. The ion (Br 4 )~ (Fig. 4) is an 
illustration of this. 


• • • • • • 

.. 

F 

B: 4 - 3 -F: = :F:B:F: 

:F: 

+ (:F:)- = 

:F:B:F: 

:F: 


fluoborate ion 


C . + 4 - Cl: = :C1 


rCl: 

Cl 

:C:C1: 


Cl: ' 


0: : 

c 

N:0: 


carbon 

tetrachloride CCI4 


nitrogen 
pentoxide NaO^ 


Fig. 4. covalence compounds ' of bokon, carbon, and nitrogen 


The boron atom is represented by its symbol and by its three 
valence electrons (dots). Fluorine atoms possess seven valence 
electrons. In the first combination shown in Fig. 4, one boron 
atom combines with 3 fluorine atoms to form a molecule of boron 
trifluoride BF3. This gives each fluorine atom an octet and the 
boron atom a sextet of electrons. Boron is clearly trivalent and 
fluorine monovalent, but the valence is different from that ex¬ 
hibited in the electrovalence compounds above. In the latter, 
positive and negative ions resulted, and they were bound together 
by electrostatic forces. In the case of BF 3 the molecule is the 
smallest entity and, because the electrons constituting the bonds 
are shared, no part of it is considerably more positive or negative 

* The form in which the elements and compounds are here written should not be inter¬ 
preted as chemical equations that represent actual reactions. Only the first, (BF 4 ) ■*, can be 
made directly as indicated. The CCI 4 and N^Oj must be made by indirect methods. 
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than another. Such valence is called covalence. When BF 3 
molecules and fluoride ions come together, the BF 4 “ ion results. 
Here each atom has acquired an octet of electrons. BF 4 ~ is an 
ion containing only covalence links between its atoms. The whole 
ion bears a single negative charge and must be associated through 
electrovalence with a positive ion, as, for example, in NaBF 4 . 
According to the rule (p. 295) the formal valence of boron in all 
these cases is 3. 

Carbon and nitrogen behave in a manner similar to boron. 
They have four and five valence electrons, respectively, and their 
compounds are of the covalent type. In CCI4 (Fig. 4) the valence 
of carbon is four, that of chlorine one; and ea(!h atom has ac¬ 
quired an octet of electrons. In nitrogen pentoxide the formal 
valence of nitrogen is five and of oxygen two; octets of electrons 
are acquired by all the oxygen atoms. Covalence compounds 
are formed chiefly by elements in the center of the Periodic Table, 
in main groups 3, 4, and 5. In them the loss or gain of electrons 
to form octets would lead to triply or quadruply charged ions 
which are unstable. Instead these elements usually complete 
their octets by sharing electrons. 

With oxygen, the tendency to gain electrons becomes definitely 
stronger, and this element and particularly fluorine tend to have 
negative valences (Ba^+O^", Na+F~). Here again an eight-electron 
shell is acquired. Finally comes neon with its completed octet 
and with zero valepce. The next element, sodium, with a single 
electron in its outermost shell, begins a new series; it behaves 
like lithium, an electropositive element of valence 1. Passing 
through this next series, the cycle of increasing valence electrons 
is repeated. On the basis of structure it thus becomes relatively 
easy to comprehend the periodicity of valence first noticed by 
Mendel4eff. 

As the atomic numbers become greater, the system becomes 
somewhat more complicated, because the inner shells may now 
have more than eight electrons (recall the 2 n° rule of Bohr). 
This becomes noticeable in the formation of the long series, 
where the increase in atomic number may mean that an added 
electron enters the inner shells and not the outer valence shell. 
It is most evident in the case of the rare earths, where there are 
fourteen successive increases in atomic number with no changes 
in valence; evidently the added electrons have been used in 
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building up the inner shells, the outer, valence shell remaining 
intact.^ Accordingly we find that the chemical properties of the 
various rare earths are almost identical, in spite of the fact that 
they each have a different atomic weight as well as a different 
atomic number. 

Variable Valence in Long Series 

In each long series of the periodic classification certain suc¬ 
cessive elements are designated as belonging to subgroups. They 
are also called transition elements in that they fill a gap between 
the “typical” elements of the main groups. For instance, in the 
fourth series: K and Ca are main-group or “typical” elements. 
Their structure and valence are similar to those of Li and Be or 
Na and Mg in the foregoing series. After K and Ca there follow 
10 subgroup elements, Sc to Zn, in which the additional electron 
required by each increase in atomic number goes to fill up inner 
shells. From zinc on, the elements Ga to Kr are again typical 
or main-group in that the additional electrons augment the 
valence shell and thus increase the valence from 3 in G a to a 
maximum of 7 in Br. 

The transition elements usually have a range of valences, and 
the explanation given for this is that the atoms can have more 
than one structure; the electrons can move rather easily from 
the valence shell to the inner ones or back. These might be 
called sliding electrons; each time they slide, the number of 
electrons in the valence shell, and hence the valence itself, 
changes. The variable valence of copper will serve as an illus¬ 
tration of this phenomenon. Its mono- and bivalence, already 
mentioned on p. 295, are attributed to the following disposition 
of electrons: 2, 8, 18, 1 and 2, 8, 17, 2. These numbers represent, 
respectively, the number of electrons in the four levels or shells 
of the copper atoms. When conditions are such that only one 
electron of each copper atom is removed (oxidation) or takes 
part in a chemical reaction, cuprous compounds (Cu+) result. 
If two electrons from each atom are concerned, then cupric 
(Cu*+) compounds result. The electronic distribution in cuprous 
and cupric ions is 2, 8, 18 and 2, 8, 17, respectively. Some 
elements, like manganese Mn, can have as many as five dif- 

^ The valence of the rare-earth elements is almost invariably three. Only a few com¬ 
pounds are known in which the valence is either two or four. 
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ferent electronic arrangements, corresponding to five different 
valences. Some of the latter will be of the electrovalence type 
(loss of electrons), and others will be covalences (sharing of 
electrons). 

When the many valences that elements may possess are re¬ 
viewed, it becomes all the more remarkable that Mendel6eff was 
not overwhelmed by these complications and that by selecting 
typical valences he was able in his periodic classification to pro¬ 
vide “pigeonholes” for half again as many elements as were 
known in his time. 

Chemical Activity and the Structure of Atoms 

The Bohr theory was evolved largely as a result of the study 
of physical phenomena such as spectra. It gives a fairly satis¬ 
factory explanation of the most important chemical property of 
elements, namely, valence. It may now be in order to inquire 
whether this theory is of assistance in answering the question: 
“Why are some elements chemically more active than others?” 
This query is particularly perplexing when it is remembered that 
the elements of a particular group have identical combining 
capacities (valence) and similar structures, yet may differ con¬ 
siderably in chemical activity. The Bohr theory helps in formu¬ 
lating a qualitative answer to this question, in that it shows that 
there are increasing numbers of electron shells in the atoms of a 
particular group as these atoms become heavier. This lessens the 
force of attraction which the central nucleus exercises over the 
valence electrons. It is therefore generally easier for large atoms 
to become oxidized (lose electrons) and small atoms to become 
reduced (gain electrons) than for the reverse. In this way the 
differences in chemical activity of elements, even those in the 
same periodic group, may be rather satisfactorily accounted for 
in terms of their structure. 

Limitations of the Bohr Theory 

The Bohr structures have had such widespread use that scien¬ 
tists and students of science find that they must be reminded 
continually that this is a theory and not a law. It is merely an 
approximation to the truth. Similarly, the static pictures of 
atomic structure as shown in this chapter are merely crude repre- 
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sentations of the actual constitution of atoms in three-dimensional 
space. It is appropriate, however, to keep these drawings simple, 
since it is now believed that no physical method will ever be 
completely satisfactory for representing the structure of atoms. 
This is because no model, no matter how intricate, can represent 
the truth about electronic states within the atom. Modern 
mathematical physics has shown that it is not possible to prescribe, 
as did Bohr, both the positions (orbits) and velocities of electrons 
in their orbits. The nearest approach to a correct representation 
of the behavior of the electrons in an atom is through a set of 
equations, one for each electron, which give the probabilities 
that the electrons will be at particular places at certain instants. 
Obviously this representation is not one that lends itself to either 
diagrams or models; consequently scientists who have been 
trained along mechanistic lines still think and talk in terms of 
the Bohr theory and find it a tool of great value. 

EXERCISES 

1 . Making use of the concepts of clectrovalence and covalence, show how 
electronic structure and valency are connected in the third (Na to A) series of 
the periodic system. The distribution of valence electrons is similar to that in 
the second series (p. 361). Representative compounds are: Na“''Cl“, 

Al^+Cl,r, SiCb, PCI5, SFe, Na 2 ‘^S‘'^". Draw electron diagrams, as in Fig. 4, for the 
foregoing compounds. Do not hesitate to associate more than an octet of elec¬ 
trons with an atom when this seems necessary. 

2. Draw electron pictures for the electrovalence compounds, lithium fluoride 
LiF and magnesium chloride MgCb. Do the same for the covalence compounds, 
methane CH 4 , nitrogen trichloride NCI3, and carbon tetrafluoride CF4. What is 
the valence number for each of the elements in these compounds? 

3. What is the valence of chlorine in potassium chlorate? Of sulfur in hydrogen 
sulfate? Of carbon in calcium carbonate? Of sulfur in aluminium sulfate? Of 
phosphorus in phosphoric acid? Of antimony in antimony oxychloride? 
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Chapter XXI 


Metals and Metallurgy 


The division of elements into two groups, metallic and non- 
metallic, has thus far been based largely on chemical properties, 
which means that the distinction depends upon whether the ele¬ 
ment has a basic or acidic oxide or hydroxide (p. 334) and whether 
it forms independent positive or negative ions in aqueous solu¬ 
tion (p. 3G1). In general, the elements possessing few valence 
electrons have metallic properties; those wdth more valence elec¬ 
trons, approaching eight, are non-metals. The differences in 
these properties have been explained as due to differences in 
number and arrangement of electrons in the individual atoms of 
the elements concerned. The above division is of considerable 
value to the chemist, and it is practically identical with that which 
is achieved by comparing the elements on the basis of their physi¬ 
cal properties. That a similar grouping of elements results when 
using either chemical or physical criteria is to be expected if most 
of the physical and chemical properties are determined by the 
exterior electron shells of atoms. 

An examination of the physical properties of metals, such as is 
undertaken in the next few pages, helps to establish a more com¬ 
plete understanding of these elements and indirectly of non- 
metals. 

Physical Characteristics of Metals 

Metals are distinguished by the following physical properties, 
as well as by others that are less easily observed: (1) they are 
good conductors of electricity, (2) they conduct heat readily, 
and (3) their lusters (reflecting powers) are high. These properties 
vary from metal to metal; and there is a gradual transition in 
values from typical metals, on the one hand, to typical non- 

368 



METALS AND METALLURGY 


369 


metals, on the other. A striking conformity usually exists among 
the three properties when they are compared for a particular 
metal. One with high electrical conductivity will also possess high 
heat conductivity and high reflecting power {e.g., silver); a metal 
of lesser capacity to conduct electricity will also be deficient in 
respects (2) and (3) {e.g., iron). When all the elements are ex¬ 
amined according to the above criteria, it is found that at least 
two thirds of the 90 known elements may be relegated to the 
metallic class and a few more po.ssess at least some of these metal¬ 
lic characteristics. 

Modern physical theory postulates that the above properties 
are due to relatively free, mobile electrons in metals. They are 
mobile not merely in the sense of the dynamic atom model of 
Bohr, in which the electrons revolve around the nucleus, but in 
that they may wander away from the metallic atoms and per¬ 
meate the spaces between atoms in solid or liquid metals. These 
electrons were formerly valence electrons of the individual atoms, 
and now, in the aggregate of atoms called a metal, they constitute 
a swarm of wandering electrons behaving somewhat like darting 
gas molecules. The special properties of metals are thought to be 
due to these mobile electrons. It is interesting to note that their 
comparative freedom is suppo.sed to be due to an insufficiency 
in valence electrons in the metals. In elements whose atoms 
possess more than three valence electrons the atoms may be 
bonded to their neighbors by shared electron pairs (covalence 
type of bond). This leads to non-metallic physical characteristics. 
In metallic elements there are not sufficient valence electrons to 
unite an atom with all its neighbors in this way; here the electrons 
wander off and form a common swarm of bonding electrons which 
holds the atoms, now positive ions, together. This type of bonding 
seems to lead to a close-packed or nearly close-packed arrange¬ 
ment of the atoms in the solid state (p. 212). The metals nearly 
all crystallize in certain closely-packed structures: either the 
closest packing of spherical atoms, which is face-centered cubic 
or hexagonal close-packed, or the body-centered cubic, a slightly 
more open structure. The high ductility and malleability, char¬ 
acteristic of metals, are intimately connected with this close¬ 
packing of atoms. 

The “free electron” theory furnishes a ready explanation of 
why metals are such good conductors of electricity. Since the 



370 


PHYSICAL SCIENCE 


latter phenomenon is merely the transport of electrons, it should 
be favored by the relatively unimpeded motion of some of the 
electrons in metals. Good heat conductance is also attributed 
to the mobile electrons, which are supposed to transfer heat 
energy from electron to electron by collision, in much the same 
way that such energy is transmitted by colliding molecules in a 
gas. High reflectivity for light may also be explained on the 
basis of the ^^free electron” theory. According to this theory the 
free electrons in the surface of the metal are capable of existing 
in a great variety of energy states (p. 100) and are thus able to 
absorb almost all visible radiations and in turn re-emit or reflect 
the same. 

The characteristic metallic properties have many valuable 
practical applications. Some of these will be mentioned in the 
list of eight characteristic qualities which follows; others may be 
gleaned from Table I, which compares some of the commercially 
important physical properties of the common metals. The table 
includes one common non-metallic compound, silica Si 02 , and a 
conunon solution, 20% hydrochloric acid, for comparison. 

CHARACTERISTIC QUALITIES OF METALS 

(1) Metals are particularly useful as conductors for electrical energy; 
they arc the best conductors known and undergo no material 
change while acting in this capacity. They simply allow a flow of 
the ^‘free electrons,” Table I shows that there is considerable 
variation in electrical conductivity among metals. It will also be 
noticed that even the poorest-conducting metals are far superior 
to the best-conducting aqueous solutions in which ions are the 
mobile, current-carrying particles, 

(2) Heat conductivity is another property in which metals excel. This 
is particularly important in the use of metals for boilers, radiators, 
stoves, cooking utensils, etc. Note the sharp contrast between 
the heat conductivities of the metals and silica Si 02 . 

(3) Reflection of light (metallic luster) is of importance in mirrors, 
telescopes, lighting fixtures, certain types of furnaces in which 
light and heat are reflected toward a central point, solar engines, 
and the decorative arts. (Since it is well known that smoothness 
of a surface is an important factor in reflection, the surfaces of the 
metals were all brought to the same state of smoothness before 
the measurements reported in Table I were made.) 

(4) Unusual tensile strength, the ability to withstand rupture under 
pulling stress, is one of the most useful characteristics of metals. 
This property is associated with the close-packed structure and 
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Thus a substance that is scratched by fluorite but not by calcite 
,has a hardness between 3 and 4. 


TABLE II 

MOH’S SCALE OF HARDNESS 


1. Talc 

2. Gypsum 

3. Cal(rite 

4. Fluorite 

5. Apatite 


G. Feldspar 

7. Quartz 

8 . Topaz 

9. Corundum 

10 . Diamond 


(8) The high melting points of most metals make it possible to utilize 
fully their heat-(;onducting qualities. They permit use of the 
metals in radiators, boilers, stills, furnac^es, guns, etc. 


The properties of iron and steel (Table I) afford an interesting 
comparison. The steel is almost pure iron, containing only 0.7% 
carbon, yet the presence of this small amount of impurity reduces 
the electrical conductivity of iron to almost one half, reduces the 
heat conductivity almost 30%, and practically trebles the tensile 
strength and hardness. It is obvious that pure iron rather than 
steel should be used for purposes of conducting electricity or 
heat, whereas steel would be preferred over iron in structural 
work and tool-making where high tensile strength and great 
hardness are desirable. 


Alloys 

In view of the wide variations that exist in the physical proper¬ 
ties of even the few metals that have been listed in Table I, it 
would seem as if it should be possible to find a metal with proper¬ 
ties suitable to meet any demand that might be set by a particular 
art or industry. However, the requirements that must be met are 
such that it is often true that no single metal can furnish all of them. 
In such cases it is necessary to resort to mixtures of metals, 
or of metals and non-metals. These mixtures, or alloys, are made 
so as to produce or enhance certain desirable physical or chemical 
properties in metals. Much more metal is used in alloy form than 
as nearly pure metal. Frequently there is a decided economic 
advantage in using alloys, since they usually do not involve the 
expense of preparing highly purified metals. Table III lists some 
of the commonest alloys. 
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TABLE III 

SOME COMMON ALLOYS 


Name 

Approximate Com¬ 
position ill % by 
Weiuht 

Type 

of 

Alloy * 

Z'^scs 

Aluminium 

bronze 

Cu 93, A1 5, 

Ni 2 

(a) 

Hard, non-corrosive bronze. Substitute 
for gold. 

Brass 

Cu 70, Zn 30 

(a) 

Hardware. Sheets. Tubes. 

Bronze 

Cu 90, Sn 10 

(«) 

Corrosion-resistant hardware. Bells. 

18-carat gold 

Au 75, Cu 25 

(«) 

Jewelry. Coins. 

Monel 

Cu 30, Ni 70 

(a) 

Restaurant inetal-waie. Corrosion-resist¬ 
ing chemical apparatus. 

Nichrome 

Ni 80, Cr 15, 

Fe5 

(a) 

Heating elements in electric toasters, 
irons, etc. 

Nickel 

silver 

Cu 57, Zii 25, 

Ni 18 

(o) 

Substitute for silver. 

Stainless 

steel 

Fe 74, Cr 18, 
Ni8,C<0.15 

(a) 

Tarnish-proof decorations. Instruments. 
Cutlery. 

Steel, ordi¬ 
nary 

Fe 98.5, Mn 1, 
C0.5 

(rf) 

Machinery. Structural work. 

Sterling 

silver 

Ag 92.5, Cu 7.5 

(a) 

Tableware. Coins. 

Type metal 

Pb 60, Sn 20, 

Sb 20 

(5) 



♦ The letters used to designate the type of alloy correspond to those given in the descrip¬ 
tion of what may happen when a binary alloy is made. 


Alloys are commonly made by mixing two or more metals, 
bringing them to the melting point, stirring, cooling to the point 
of solidification, and, finally, to ordinary temperature. With few 
exceptions the molten metals are completely soluble in one an¬ 
other, so that it is possible to make solutions of all concentrations. 
Upon cooling, one of several things may happen; ^ 

(o) The “melt” may crystallize and form a solid solution. Just as 
the two metals were dissolved in one another when molten, so do 

1 Jn the discussion it will be assumed for sake of simplification that only binary alloys 
are involved, i.e., two-metal alloys; the principles here enunciated will apply, mutatii 
mutandis, to ternary and more complex systems. 
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they form a true solution in the solid state, in which the composi¬ 
tion may vary from 0-100% 


of one of the components. 
Such alloys are most often 
met with when the metals are 
rather similar in crystal struc¬ 
ture. Illustrations of binary 
alloys that are completely 
miscible in the liquid and 
solid state are: copper-nickel 
(monel), silver-gold, copper- 
gold, cobalt-nickel, iron- 
vanadium, platinum-palla¬ 
dium. The phyvsical properties 
of tlie solid solutions arq 
usually additive, that is to 



say, the properties vary surface of a-BRAss (Cu 75%, 
linearly with the composi- Zn 25%) 


tion. Thus ^^moneF' metal 
(30% Cu, 70% Ni) has a 
color intermediate between 
copper and nickel; 10, 14, 18, 
and 22-carat gold (Cu-Au 


Each area represents a single crystal. 
The composition is uniform through¬ 
out, the zinc being in solid solution in 
the copper. Differences in shading are 
due merely to different orientations of 
the crystals. {60 X.) 


alloys) become i)rogressively more yellow as the percentage of 
gold increases (24-carat = 100% gold). When examined under 


the microscope (Fig. 2), an 



Fig. 3. microphotograph of the 

SURFACE OF A PIECE OF SOLDER 


(50% Pb, 50% Sn) 

The dark areas represent crystals of 
Pba (p. 377), the lighter areas are com¬ 
posed of a eutectic mixture of Pba and 
Sn. {60 X.) 


alloy of this type shows just 
one crystalline material, as 
would be expected of a sub¬ 
stance that is a solution and 
therefore apparently homo¬ 
geneous (p. 317). 

(5) The “melt” may separate 
into two solid components, 
immiscible in each other. 
Outwardly such an alloy may 
look homogeneous, but when 
examined under the micro¬ 
scope (Fig. 3) an intimate 
mixture of two sorts of 
crystals is noticed. Each 
component crystallizes inde¬ 
pendently of the other. Ex¬ 
amples of alloys of this type 
are copper-lead, copper- 
bismuth, tin-lead (solder), 


lead-silver. In such alloys the one metal depresses the freezing 
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(c) 


point of the other, and for at least part of the composition range 
the freezing points (melting points) lie below that of either of the 
two components. This is an important advantage in the alloy 
called '‘solder,'' for it may be used just above its melting point for 
joining metals of higher melting point. 

The “melt'^ may deposit crystals of an intermetallic compound. 
If the composition has been correctly chosen (as represented by 

some of the formulas to follow), the 
solid alloy will be homogeneous and 
composed only of crystals of the in- 
terim'tallic compound' Under the 
microscope it would look like Fig. 2, 
which also appears homogeneous. 
Examples of binary alloy systems 
that Ix'have in this way are: CuAh, 
FeSns, AgsSb, CusMg, Ag,Al If 
the composition of the melt is not 
exactly that represented by the 
formula of the compound, then the 
excess of one or the other of the 
components will appear as a second 
crystalline ingredient of the solid 
alloy. The formulas given for some 
of the intermetallic compounds may 
seem confusing because the metals 
do not exhibit their ordinary va¬ 
lences. This should, however, not 
cause great concern, since it has 
already been pointed out (p. 369) that the type of valence link 
existing in typical metals is quite different from the ordinary 
electrovalence or covalence bond and, consequently, valence num¬ 
bers might be expected to show no correspondence in the two 
cases. 



LARGE CRYSTALS OF /3-BRASS (CuZll) 
CONTAINING SMALL CRYSTALS OF THE 
SOLID SOLUTION, a-BRASS 

The grain-boundaries between three 
adjacent crystals are seen to intersect. 
(60 X,) 


(d) It not infrequently happens that the process of solidification in a 
binary alloy involves both solid solution and compound forma¬ 
tion, depending upon the concentrations chosen. This involves a 
combination of types (a) and (c). In such cases the range of con¬ 
centrations over which solid solutions may form is limited. An 
example is brass: copper dissolves up to 40% zinc in solid solu¬ 
tion; this is known as a-brass, and it gets progressively more 
yellow as the zinc content Is increased. If more than 40% zinc 
by weight is present in the melt, say 45%, then solidification will 
yield /3-brass (Fig. 4). It is very yellow and corresponds almost 
exactly to the formula CuZn. Further cooling, to room tempera¬ 
ture, causes changes to occur in the alloy, which result in the ap¬ 
pearance of some crystals of the solid solution, a-brass. Upon 
making alloys containing higher percenteiges of Zn, additional 
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crystalline substances make their appearance. Steel, an iron- 
carbon alloy, displays similar complications. The ability to harden 
and temper steel is intimately bound up with both the solid solu¬ 
tion of carbon in iron and the formation of the compound sub¬ 
stance FesC. 


Freezing Points in Lead-Tin Alloys 

A practical illustration of some of the things that happen 
during the preparation and use of alloys is given by the freezing 



Fig. 5. temperatuee-composition diagram for lead-tin alloys 

point-composition diagram for the alloys ordinarily called 
“solder” (Fig. 5). The addition of tin to pure molten lead (f.p. 
327°C), lowers the freezing point as indicated by the heavy curve. 
This depression reaches a maximum when 63% tin has been dis¬ 
solved in the lead. The freezing point is then 181°. Similarly, 
when increasing amounts of lead are dissolved in molten tin, the 
freezing point falls progressively to the same level. A special 
name is given to this temperature, the lowest freezing point of a 
mixture; it is called the eutectic temperature, and the composition 
corresponding thereto is known as the eutectic mixture. The 
latter is composed of crystals of Pb„ and Sn. Pb„ is a lead-rich 
solid solution containing some tin. ■ The eutectic temperature 
(181°) is the final solidification point for all the alloys containing 
more than 12% Sn. While the last statement seems at first glance 
incompatible with the freezing points as given along the curve in 
the diagram, the two ideas become reconciled when it is remem- 
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bered: (1) that the freezing point is defined as the temperature 
at which the first crystals appear in a cooling liquid, and (2) that 
the crystals separating do not usually have the same composition 
as the solution from which they come. Thus tinman’s solder 
deposits its first crystals when cooled to 190°; they are composed 
of pure tin.' As a result the liquid becomes richer in lead, and its 
freezing point falls. It must then be cooled more to cause further 
crystallization. As more crystals of tin separate, the liquid 
becomes still richer in lead, and the freezing point drops still 
further. At the eutectic temperature and composition (63% Sn), 
any remaining liquid turns solid as heat is removed. A similar 
state of affairs prevails for alloys containing 12-63% Sn, except 
that here crystals rich in lead (solid solution, Pb„ in the dia¬ 
gram) separate first. Alloys having 0-12% tin deposit only Pb,, 
upon freezing, and they are completely solid before the eutectic 
temperature is reached. 

The principles involved in the foregoing discussion of solder 
are perfectly general; they apply equally well to the solidification of 
alloys, the crystallization of minerals from molten magma (p. 443), 
or the crystallization of salts from inland, saline seas (p. 387). 

Metallurgical Processes 

The combined art and science of extracting the metals from 
their ores is given the name metallurgy. The natural source of 
metals is in all cases an earth material, and any particular rock 
or mineral deposit which happens to be rich enough in a certain 
metal to make it the object of metallurgical operations is called 
ore. With the exception of gold, platinum, and relatively small 
quantities of silver and copper, practically all metals are found 
as compound substances in their ores, and it is therefore an 
important part of almost all metallurgical methods to release the 
metal from the compound by means of chemical reactions. The 
most common ores occm as oxides, sulfides, or carbonates, and 
in the following r4sum6 of general metallurgical procedure it will 
be pointed out how each of these t 5 q)es may be treated to obtain 
the metal. 

There are three main stages in most metallurgical procedures: 

1 A tinman may therefore use his molten solder at any temperature between 190® and 
232® without running the risk of melting the pieces of tin he is attempting to join. Similarly 
plumber’s solder will be completely liquid above 276® and may thus be used to join lead 
articles whose melting point is not reached unless the temperature rises to 327®. 
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(1) mining and concentration (milling) of the ore, (2) smelting, 
(3) refining. Each of these steps is elaborated below. 

(1) Mining methods depend so much upon the nature of the 
ore, its depth and concentration in the Earth, and the availability 
of power, that it is difficult to generalize about them. Mining 
may merely involve a simple process of scooping the ore from the 
surface of the ground, or it may require a complex system of 
shafts and tunnels a mile below the surface. 

Concentration of the ore involves the use of physical means of 
removing extraneous matter such as quartz, silicates, and car¬ 
bonates that are mixed with the ore minerals. Washing and me¬ 
chanical agitation on jigging tables sometimes serve to separate 
partially the undesirable siliceous and other material from the 
ore. When minerals containing iron are present as an impurity, 
they are often removed by passing the powdered ore below a 
series of electromagnets. 

Flotation is also a common way of concentrating certaih ores. 
In this method the finely powdered ore is shaken with a mixture 
of eucalyptus or pine oil (0.005%) and water. In addition to the 
oil, small percentages of frothing agents {e.g., potassium ethyl 
xanthate) are usually added. The siliceous and other undesirable 
minerals are wetted by the water and sink. The oil wets the 
metallic ore particles; they become attached to minute air bubbles 
and float to the surface in the form of a foam. Here they are re¬ 
moved by a process similar to skimming. 

(2) Smelting includes all the operations and chemical changes 
that help to transform the concentrated ore to crude metal. The 
latter, in most cases, still contains a few percent of irnpurities. 
The smelting of the common ores is now given in some detail: 

(a) Oxide ores may be reduced to the metal by strictly chemi¬ 
cal or by electrochemical methods. Most of our iron and steel is 
the result of a chemical reduction of the oxide of iron Fe 203 by 
means of carbon (coke) or carbon monoxide, the gas formed by 
the incomplete oxidation of carbon (p. 415). These are the 
cheapest chemical reducing agents. In the use of each, the ore and 
reducing agent are brought together in a furnace where reactions 
similar to the following occur: 

FeaOs -b 3C 3CO t + 2Fe -f- heat energy 

Fe208 -f 3CO 3 CO 2 t + 2Fe •+• heat energy. 
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limestone (flux) 


SFe^Oj+CO -► 2 Fe 304 + CO^ 


Fe304+CO“^3FcO+C02 S 


Flue gas 


FeO+CO-Fe+COj | 
CaCOa-^CaO+COa = 


CaO^SiO*—CaSiO, 
(slag)^ 


. Hot air 
blast 


The common metals obtained in this way are iron, tin, lead, and 
zinc. 

While the metallic oxide is being reduced to metal, a substance 
called a flux is usually introduced into the furnace. Fluxes will 
combine with the impurities still mixed with the ore (usually 
sand and silicates) to form easily fusible glasses known as slags. 

The fluxes and slags do not 
Hopp«forch.yng with, uor contaminate, 
the molten metal, but they do 
bring about the removal of 
the major portion of the im¬ 
purities. The molten slag and 
metal are tapped from sepa¬ 
rate levels in the furnace. 
Common fluxes are limestone 
CaCOs and fluorspar CaF 2 . 

The furnace ordinarily used 
for the smelting of iron ores 
is shown in section in Fig. 6. 
It is about 100 ft high and 
has a conical, steel, outer shell 
with a fire-brick lining. At 
FURNACE SHOWING APPROXIMATE TEM- regular intcrvals charges of 

PERATURES AND MAIN REACTIONS PRE- OTG, COke, Hlld fluX COmC iu 
VAILING AT DIFFERENT LEVELS XhvOUgh H bell-shapcd trap at 

the top. The operation of the furnace is continuous. There is 
a temperature gradient from top to bottom, and as the charge 
reacts it gradually slips down into zones of higher temperature. 
The reactions taking place at the various levels are given by the 
equations along the side of the sketch. Because of the changing 
conditions, reduction of the ore (removal of oxygen) occurs in 
stages: Fe 203 -> Fe 304 FeO -> Fe, and the hot, gaseous carbon 
monoxide is responsible for most of the reducing. This gas is 
formed, together with the necessary heat to melt the iron and 
slag, by the reaction between* coke (largely carbon) and the air 
blown in near the base of the furnace. 

The “blast'' furnaces throughout the world furnish about 100 
million tons of crude or “pig" iron annually. This iron, which 
contains approximately 2-4% carbon, 1-3% silicon, 0.2-1% 
manganese, and smaller amounts of other elements, is usually 



■ Iron tap 

Fig. 6 . cross section of a blast 
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put through a refining process and converted to steel. This 
transformation is again a furnace operation in which the impuri¬ 
ties are reduced drastically. Usually from 0.1-2% of carbon is 
allowed to remain to give to the steel a desirable hardness 
and to permit its being tempered. Many special alloy steels 
have been developed for particular purposes (Table III), the 
alloying elements being added while the steel is in the molten 
condition. 

Aluminium is sometimes employed commercially as a reducing 
agent. It is very active but is considerably more expensive than 
coke or CO, consequently its use is confined to the smelting of 
more expensive and rare metals. Its action on iron oxide is 
typical: 

Fe 203 + 2A1 AI 2 O 3 + 2 Fe + heat energy. 


The temperature attained as the result of the large heat of reac¬ 
tion is such as to melt both the iron and the AI 2 O 3 ; they form 


imrniscdble layers in the fur¬ 
nace or crucible and may be 
tapped separately. The chief 
use for the reaction with iron 
oxide is in welding; the molten 
iron is run into molds fitted 
around the parts to be welded 
together, e.^., rails, propeller 
shafts (Fig. 7). The mixture 
of iron oxide and aluminium, 
for use in welding, is sold under 
the trade name of ^Hhermit.^' 
It has played an important role 
in incendiary bombs in modern 
warfare. 

Electrochemical reduction of 

oxides has been used success¬ 
fully to obtain aluminium and 
magnesium. The general pro¬ 
cedure is to melt the oxide 
by dissolving it in a suitable 
medium (AI2O3, m.p. 2050''C, 



Fig. 7. molten ikon prom a cruci¬ 
ble CONTAINING “THERMIT^’ IS SHOWN 
RUNNING INTO A MOLD FITTED AROUND 
TWO RAIL-ENDS 

Courtesy of Metal and Thermit Corpo¬ 
ration. 

is dissolved by molten cryolite 


NaaAlFe, m.p. 1000 °). Since the oxide already exists as ions in 



382 


PHYSICAL SCIENCE 


\ 

the solid state, the process of melting merely makes the ions more 
mobile, e.g.: 

AV+Oz^- 2A1»+ + 30'-. 

(solid) (raolten) 

An unreactive anode (positive electrode) and cathode (negative 
electrode) are provided in the melt; by loss of electrons, oxide ion 

is oxidized at the anode to oxy¬ 
gen, whereas the metal ion is 
reduced through gain of electrons 
at the cathode. The tempera¬ 
ture of the electrolyzing bath is 
such as to be above that of the 
melting point of the metal set 
free. The latter collects as an 
immiscible lower layer which can 
be tapped off. Figure 8 repre¬ 
sents a section through such a 
furnace in which molten alumin¬ 
ium oxide is being electrolyzed. 
The high temperature required 
to keep the electrolyte molten is 
secured through the conversion 
of electrical energy into heat as the current is forced through the 
high resistance of the bath. 

(6) Smelting of sulfide ores, such as galena PbS or zinc blende 
ZnS, usually begins with a roasting in air. The sulfur is thereby 
removed as gaseous sulfur dioxide; 

ZnS H” O 2 —> ZnO -|- SO 2 t • 

The procedure for the reduction of the oxide is then similar to 
that under (a). 

(c) Carbonate ores are similarly converted to oxide by heating: 
MgCOa MgO -h CO 2 t . 

Reduction of the oxide is then carried out as under (o). FeCOa, 
ZnCOa, and Cu( 0 H) 2 ,CuC 03 (which loses both H^O and CO 2 
upon heating) are other minerals so treated. 

The above summary does not cover all smelting operations nor 
the minor modifications involved in the methods given, but it 



Fig. 8. cross section through a 

FURNACE FOR PRODUCING ALUMINIUM 
BY ELECTROLYSIS OF A MELT OF AI2O3 
IN NaaAlFe 

A molten oxide and cryolite, B molten 
aluminium, C carbon cathode, D carbon 
anodes, E tapping hole. 
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nevertheless presents in broad outline the fundamental practices 
and reactions used in obtaining the common metals from their 
commonest ores. 

(3) Refining is generally understood to mean the process of 
removal of most of the impurities remaining in the metal as it 
comes from the smelter. The ordinary processes of refining 
generally bring the impurities down to the order of a few tenths 
of a percent. Some may deliver metal that contains only a few 
hundredths of a percent of foreign matter. However, when at¬ 
tempts are made to obtain amost any of the metals in a higher 
state of purity than this, the cost becomes prohibitive; and con¬ 
sequently it is only seldom that metals of extreme purity are 
prepared. 

The processes of refining are very diverse and vary, even for 
a particular metal, from one locality to the next. Much depends 
upon the nature of the impurities present in the smelted metal, 
and this in turn is conditioned by the source and type of ore used. 
Purity requirements, set by the con.suming market, are, of course, 
all-important factors in determining the nature and extent of the 
refining process. Despite the diversity which exists, there is one 
process of refining that is used sufficiently often to warrant special 
attention. This is the electrolytic process. At present it is used 
in refining copper, lead, zinc, aluminium, nickel, and some rarer 
metals. The fundamental procedure is the same in all these cases. 
The impure metal is brought into the ionic state either as a solu¬ 
tion of one of its salts in water or in a melt of one of its compounds. 
Positive and negative electrodes then induce a migration of ions 
in the liquid electrolyte. Conditions are arranged so that only 
the positive ions of the desired metal will be discharged at the 
negative electrode; other positive ions, those of the impurities, 
will remain behind in the electrolyte. After sufficient n\ptal has 
plated out upon the negative electrode, it may be removed from 
the bath and all but a few' hundredths of a percent of the foreign 
metallic impurities will remain behind. The whole operation can 
be likened to a sifting arrangement, the sorting being accom¬ 
plished at or near the negative electrode where positive ions of 
the desired kind are attracted and neutralized, whereas other posi¬ 
tive metallic ions, those of the impurities, although attracted, 
are left unneutralized. 

Since the electrolytic process of refining is applied widely to 
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copper, this metal is used to illustrate the principles involved. 
Copper for use as an electrical conductor should be more than 
99.9% pure. The metal from the smelter may contain a total of 

1 or more percent of foreign 
metallic impurities. They are 
chiefly zinc, nickel, iron, sil¬ 
ver, gold, and platinum. The 
impure metal is cast into large 
flat plates, approximately 
5 ft X 4 ft X 1 inch, which 
are made the anodes (+ pole) 
in a multiple electrolytic cell, 
one section of which is shown 
in Fig. 9. Thin plates of pure 
copper serve as cathodes; the electrolyte is copper sulfate solu¬ 
tion, f.c., (S 04 ^~), H*^, (OH)~, H 2 O. When a potential 

difference (Chapter XXXII) is imposed upon the electrodes from 
some outside source, current passes, the ions acting as carriers 
of the current through the solution. At the anode, the following 
oxidations occur: 

Cu - 2€ Cu2+ Zn -- 26 -> Zn^^ 

Fe - 26 Fe2+ Ni -- 26 -> Ni'^ 

The less active elements, silver, gold, and platinum, are less 
readily ionized; to bring them into solution would require a 
higher potential than is used, consequently they remain unaffected 
and drop to the bottom of the cell as a sludge. The remainder of 
the electrode passes into solution as ions, as is shown in the equa¬ 
tions above. In addition to the metallic ions in the solution there 
are also hydrogen ions (H^) from water. All the positive ions 
would sfeem to have an equal chance for discharge at the negative 
electrode, but, due to the low potential employed and the rela¬ 
tively high concentration of Cu^’^, the least active element, the 
copper, is the one that is discharged: 

Cu2+ + 26 Cu. 

As the result of the electrolysis the cathode becomes progres¬ 
sively thicker, with almost pure copper depositing (99.9 + %), 
while the zinc, iron, and nickel remain behind as positive ions in 



Fig. 9. cell for the electrolytic 

REFINING OF COPPER 
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the electrolyte. When the anode has become quite thin and the 
cathode correspondingly thicker, the electrolysis is stopped; the 
cathodes are withdrawn, melted down, and cast in small ingots 
suitable for handling and shipping. 

Both the sludge, which contains platinum, gold, and silver, and 
the electrolyte, which contains nickel, are treated to obtain these 
valuable by-products. 


EXERCISES 

1 . Analyze the reaction between re203 and Al, and determine which sub¬ 
stance (a) is oxidized, (b) is reduced, (c) acts as oxidizing agent, (d) acts as re¬ 
ducing agent. Give reasons for each choice. 

2. What information in tliis chapter supports the statement that oxides may 
act as reducing agents? 

3. Using the tabic of physical properties of the metals as given in this chapter 
and disregarding other factors, select the metal that seems most suitable for 
(a) the making of hammer heads, (b) drawing into extremely fine wire, (c) rolling 
into foil, (d) making cylinder heads for automobile engines, (e) making a coal- 
fired steam boiler, (/) electrical conductivity, {g) making a mirror. State why 
each selection was made. 

4. Suggest a means of obtaining carbon monoxide and heat simultaneously for 
use in a metallurgical furnace. 

5. Write an ecpiation to show what happens to the mineral malachite, 
Cu( 0 H) 2 ,CuC 03 , when it is heated. 

6 . What weight of carbon is required to reduce one ton of lead oxide, PbO, 
to the metal? 

7. Write balanced equations to show the reduction of the oxides of tin (SnOa) 
and zinc (ZnO) by carbon. 

8 . The metals antimony and bismuth are miscible in all proportions in the 
liquid and solid states. What would you expect to find if a solid alloy of the two 
metals were examined under the microscope? 
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chapter XXII 


Salt and Limestone 


Of the compounds of the metals found in nature Qone are more 
important in the chemical industry than salt NaCl and limestone 
CaCOs. From these two substances hundreds of other compounds 
of sodium, calcium, chlorine, and carbon are made. Their fre¬ 
quent use is made possible by their abundance and wide dis¬ 
tribution in nature; if they were less available, it is certain that 
other substances would have been substituted for them as raw 
materials in industry. Natural geological processes have produced 
enormous deposits of salt in many places in the crust of the Earth. 
Likewise vast areas are underlain by limestone. Both these 
substances are, to be sure, not usually found in a high state of 
purity in these natural deposits. Yet for many purposes they 
need no further purification. In any case, one or two operations 
make them suitable for all industrial uses. Table I shows how 
these substances rank in comparison with other raw materials 
in respect to frequency of use in the chemical industries. Over 
7 million tons of salt and about 8 million tons of limestone are 
mined annually in the United States. 


TABLE I 

ULTIMATE GEOLOGIC RAW MATERIALS IN THE CHEMICAL 
INDUSTRIES OF THE UNITED STATES 


(Only the fifteen most important ones are given, in order of use in the production 
of 150 leading chemicals) 


1. Water 

2. Air 

3. Coal 

4. Sulfur 

5. Mineral Salt 

6. Limestone 

7. Sulfide Ores 


8. Brines 

9. Petroleum 

10. Natural Gas 

11. Saltpeter 

12. Potassium Minerals 

13. Gypsum 

14. Lead Ores 

15. Sand 
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Sodium Chloride NoCI 

Sodium chloride, common salt, is an electro valence compound. 
In the solid state its ions, Na+ and Cl“, are bound together by 
electrostatic forces. When dissolved in water these ions become 
free to move, in somewhat the same manner as the molecules of 
a dissolved but un-ionized material. Salt is an essential part of 
the diet of all of the higher animals. In man, the gastric juice 



Fig. 1. “man-made mammoth cave’’ in salt mine at avehy island, Louisiana 
Courtesy of International Salt Company, liu*. 


contains 0.2% hydrochloric acid (H+ -f Cl“), the chloride ions 
for which are obtained by consuming salt. A small but indispen¬ 
sable concentration of chloride and sodium ions is found also in 
the blood. Moreover, several of the normal excretions, including 
perspiration, contain salt. This loss must be made good by salt 
taken in with food if normal, comfortable life is to continue. 

The enormous supply of salt required by industry is obtained 
from two sources. The major one is the extensive deposits of salt 
in the Earth. These are the result of the evaporation of inland 
saline waters with the accompanying crystallization of all the 
substances they held in solution. To a much smaller extent sodium 
chloride is obtained by the evaporation of sea water taken from 
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seas now in existence. Ocean water, when evaporated to dryness, 
yields about 3.5% of solids, three quarters of which is sodium 
chloride. The waters of the Dead Sea and Great Salt Lake con- 
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tain, respectively, 20 and 18% of dissolved salts, most of which 
is sodium chloride. 

Mining of the earth deposits of sodium chloride is carried on 
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either by mechanical or hydraulic means. The mechanical meth¬ 
ods involve the use of the pick and shovel and the shaft and 
tunnel (Fig. 1). These do not pay unless the deposit is 98-99% 
NaCl. In the hydraulic mining, wells are bored down into the 
salt-bearing strata, and water is forced down to replace the 
salt solution which is pumped up. In either method, in order to 
produce sodium chloride that is relatively free of impurities (less 
than 1%), a solution of the salt as it comes from the Earth is 
evaporated until much sodium chloride has crystallized out. 
Practically pure salt separates, but the evaporation and crystal¬ 
lization cannot be carried beyond a certain point, for then the 
solution becomes saturated with one of the impurities and it 
crystallizes out along with the salt. In practice, the salt crystals 
are removed from the liquid before this happens. Any liquid 
adhering to them is washed off with a saturated solution of pure 
salt. The crystals are then dried and are ready for use. 

By far the largest part of the tremendous tonnage of salt pro¬ 
duced is used in the chemical industries to make other compounds 
of sodium and of chlorine and, of course, the elementary sub¬ 
stances, sodium and chlorine, as well. There is hardly an art or 
an industry that does not require one or more of the many deriva¬ 
tives of salt. Figure 2 gives only a partial list of the more impor¬ 
tant of these. A few, whose annual tonnages run into many 
hundreds of thousands, will be discussed in greater detail, sodium 
carbonate Na 2 C 03 and sodium hydroxide NaOH in this chapter 
and hydrochloric acid HCl in the next. The study of the prep¬ 
aration of these substances from salt will afford an insight into 
several different fundamental operations in chemical industry. 

Sodium Carbonate NajCOa 

This substance, also known as soda ash, is produced from salt 
to the extent of almost 2 million tons annually in the United 
States. Practically all of it is made by the very efficient ammonia- 
soda process invented by the Belgian engineer Solvay in 1861. 
It calls for the use of brine, an almost saturated salt solution, 
which is next saturated with ammonia gas and then with carban 
dioxide. The gases are dissolved by bubbling them through the 
brine. After a brief interval of time, during which reaction takes 
place, the mixture is cooled. White solid sodium bicarbonate 
NaHCOs crystallizes out. It is removed from the remaining 
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liquid by a process of filtration. The simplest equation that 
may be written for the reaction is this: 

NaCl + NHa + CO2 + HoO ^ NaHCOs j + NH4CI. (1) 

The sodium bicarbonate, baking soda, is used in baking powders, 
fire extinguishers, medicine, etc., but most of it is converted to 
the carbonate, a white solid, by gentle heating: 

2 NaHC 03 Na 2(:03 + CO 2 t + H 2 O t . (2) 

The Solvay ammonia-soda process is ahnost ideal from the view¬ 
point of the (‘hemical engineer. Firsts pra(‘tically all of its steps 
are carried out at relatively low temperatures, thus avoiding 
large expenditures for fuel. Second^ reaction ( 1 ), although only 
about 75% complete because of the equilibrium that sets in, is 
followed by ( 2 ), which is 100 % complete. Thirds there are almost 
no by-products or waste. The volatile substances, carbon dioxide 
and water, indicated in equation ( 2 ), are recovered and used 
again on a fresh batch undergoing reaction ( 1 ). Further, the 
ammonium chloride NH 4 CI is converted into ammonia, which is 
used over again. The conversion is accomplished with the aid of 
lime CaO and gentle heating: 

warm 

CaO + 2 NH 4 CI-. 2 NH 3 t + H 2 O + CaCb. (3) 

The lime in turn is obtained by heating limestone CaCOs, which 
reaction simultaneously furnishes carbon dioxide for reaction (1): 

heat 

CaCOa-> CaO + CO 2 T • (4) 

The only by-product is calcium chloride. 

Important auxiliary sources of sodium carbonate are the “al¬ 
kali” lakes found in many of the arid and semi-arid regions of the 
Earth. For example, Owens Lake in California is estimated to 
contain 50 million tons of sodium carbonate, and Lake Magadi 
in British East Africa exceeds this by far. 

The chief users of soda ash are: (1) the glass industry, (2) the 
industry producing caustic soda (below), and (3) those engaged 
in making soap and cleaning compounds. 
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In making ordinary glass, soda ash, limestone, and sand (Si02) 
are fused together in a furnace: 

f Si02 "t" Na2C03 Na2Si03 -j- CO 2 t \ 

[ Si02 + CaCOs -> CaSiOa + CO 2 T 1 

The molten mixture of sili(*ates that results may be withdrawn 
from the furnace and after slight cooling may be shaped or blown 
into almost any form. Upon further cooling the glass becomes 
very viscous and finally has the properties of a pseudo-solid 

(p. 210). 

Most soap is ^doaded'^ to a (considerable extent with fillers, 
substances which may or may not add to the cleansing cjualities 
of the soap but are cheaper than soap. Soda ash is one of these. 
Most soap powders used for cleaning and scouring have as their 
chief ingredients powdered soap and soda ash. On the whole, for 
washing purposes, it is better to add the sodium carbonate to 
the water before the soap, not with it. The carbonate softens the 
water (p. 323), and the latter will then not precipitate the more 
expensive cleaning agent, soap. 

Washing soda is the decahydrate of sodium carbonate, Na 2 C 03 , 
IOH 2 O. In solution its behavior is, of course, identical with that 
of soda ash. 

Sodium Hydroxide NaOH 

This compound, a white solid commonly called caustic soda, 
is produced to the extent of three ejuarters of a million tons 
annually in the United States. One of the chief consumers is the 
soap maker, who boils fats and oils with caustic, soda solution to 
make soap. The textile (rayon, mercerized cotton, etc.) and the 
petroleum-refining industries also require large quantities of so¬ 
dium hydroxide. Like sodium chloride and carbonate, the hydrox¬ 
ide is an electrolyte, being composed of sodium and hydroxyl 
ions in the solid state and in solution. It is the cheapest of the 
highly ionized (‘^strong^^) bases (p. 331). 

Caustic soda may be made from soda ash or directly from salt. 
Simple mixing of a solution of sodium carbonate with a suspension 
of calcium hydroxide in water will bring about a transformation 
in which the calcium hydroxide, a somewhat insoluble material, 
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is brought into solution and the less soluble calcium carbonate is 
precipitated : 

NaoCOs + Ca(OH )2 -> 2NaOH + CaCOa i . 

Filtration removes the latter, and evaporation of the remaining 

solution yields solid sodium hy¬ 
droxide. 

Sodium hydroxide may be 
made directly from salt by an 
electrolytic process. Brine is elec¬ 
trolyzed between a graphite an¬ 
ode and an iron cathode (Fig. 3). 
The salt solution contains Na’’’, 
H"^, Cl~, and (OH)“, the second 
and fourth being very low in 
(^on(*entration due to the almost 
negligible dissociation of water. 
At the anode, to which Cl” and 
(OH)” migrate, chloride ions are 
oxidized to elementary (chlorine, 
whi(;h soon saturates the solution around the electrode and then 
begins to escape as shown in the figure. This gas is a valuable 
by-product: 

2C1” — 2€ —> CI 2 t (at anode: oxidation). 

At the cathode, even though the Na^ ions are plentiful, is 
reduced instead. This is in consequence of the great difference 
in activity (tendency to pass into the ionic state) between sodium 
and hydrogen; the quantity of electrical energy necessary to dis¬ 
charge ions of sodium being much greater than that required for 
hydrogen: 

2H+ + 2€ -> H 2 t (at cathode: reduction). 

The hydrogen is only very slightly soluble in brine and escapes 
from the solution in bubbles arising at the iron electrode. At 
this electrode, there will be an accumulation of Na"^ and (OH)”. 
The latter appear because the H+ ions are removed, and this 
results in displacement of the water equilibrium^' in the forward 
direction: 



Fig. 3. cell for the electrolysis 

OF URINE TO YIELD CAUSTIC SODA 


H2O ^ H+ -f- (OH)” 
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In the cell shown in Fig. 3, brine enters the inner or electrode 
chamber and gradually seeps into the outer chamber through the 
porous walls of the diaphragm and the perforations in the 
cathode. From here it flows out at the bottom as shown. While 
the salt solution is passing through the inner chamber some of it 
is electrolyzed, as mentioned in the previous paragraph. The 
slow seepage keeps flushing out the hydroxyl ions that are pro¬ 
duced at the cathode. The solution flowing out still contains 
much unchanged sodium chlo¬ 
ride, but this can be removed 
from the caustic soda by evapo¬ 
rating the solution. The salt is 
much less soluble than the hy¬ 
droxide, and most of the former 
crystallizes out as the solution 
is concentrated. After the sepa¬ 
ration of the salt, which is used 
over again, the caustic soda solu¬ 
tion is ready for the soap maker 
and other chemical industries. 

Figure 4 shows schematically 
what happens during the elec¬ 
trolysis of brine. By comparing 
it with Fig. 3, one sees that the 
details of construction of the cell 
used commercially have been worked out to meet certain prac¬ 
tical ends; e,g,, the gradual flow of solution out through the dia¬ 
phragm prevents the hydroxyl ions formed from coming in con¬ 
tact with the chlorine liberated at the anode. If they were to 
mix, altogether different products would result. 

Limestone 

Limestone is a rock of sedimentary origin (p. 464) that is both 
plentiful and well distributed through the crust of the Earth. 
Aside from impurities that are usually present, the chemical 
composition of limestone is CaCOs. When rather pure it is 
white. A small fraction of the rock that is quarried or mined is 
used for building purposes; the remainder is converted to the 
very useful compound called lime CaO. This substance, also a 
white solid, is obtained by heating limestone to about 900°C, 


Cathode Anode 



Fig. 4. electrolysis of brine 
(schematic) 

The discharge of hydrogen and chlo¬ 
ride ions leaves sodium and hydroxyl 
ions in the solution. 
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at which temperature carbon dioxide is rapidly lost to the 
atmosphere: 

900 '’ 

CiiCO, -^CaO + CO 2 t . 

The pro(‘ess is called '‘lime burning/' and it is usually carried out 
in a gas- or coal-fircd kiln in which the production of the calcium 
oxide is continuous. The consiruction of the kiln is very much 
like that of the blast furnace (p. 380). Limestone is charged in 
at the lop, a hot gas flame is fed in near the bottom, and lime is 
removed at the bottom. The limestone is gradually converted 
to lime as it makes its way down through the kiln. The annual 
produc^tion of lime in the United States is around four million 
tons. It finds its widest uses in the building and chemical indus¬ 
tries. To the former it furnishes one of its chief bonding agents, 
mortar; in the latter it is the cheapest base. 

The preparation and use of mortar htive come down from 
ancient times; many examples of its use in early Roman structures 
are still extant. This is not surprising, for mortar actually im¬ 
proves in its resistance to deterioration as it ages. In present 
practice, mortar is usually made as follows: Lime is daked by 
adding water, which converts it to calcium hydroxide, a white 
solid only slightly soluble in water: 

CaO + H 2 O -> Ca(OH) 2 . 

Enough water is added to form a thicL paste with the calcium 
hydroxide. Then 3 to 4 times as much sand is mixed in, along 
with enough additional water to form a stiff paste that can be 
worked easily with a trowel. The mortar is then smeared into 
the joints between bricks or stones, and a setting process takes 
place. The first “setting" or stiffening occurs after a few hours 
and is due largely to evaporation of water and the'consequent 
formation of many interlacing crystals of calcium hydroxide. 
They bind the sand and bri(Ls together sufficiently so that build¬ 
ing may proceed. Slowly, over a period of many years, a supple¬ 
mentary hardening takes place as carbon dioxide from the air 
permeates the mortar and water slowly diffuses out: 

Ca(OH )2 + CO 2 ~> CaC 03 + H 2 O. 

The interlaced calcium carbonate crystals thereby formed con¬ 
stitute a bond between sand, brick, and stones which is often as 
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hard and tenacious as the bricks and stones themselves. The 
slow setting is seen to bring the (*alcium hydroxide back to cal¬ 
cium carbonate, the material used at the start in the production 
of lime. 

Portland cement, the binding agent in ordinary concrete, is 
made by burning a mixture of limestone and clay in a furnace 
fired by gas, oil, or powdered coal. The clinker that forms as the 
materials pass through the furnace is cooled and then ground to 
a very fine powder. The latter is a mixture of calcium aluminate 
Caa(. 4103 ) 2 , calcium silicates (CaaSiOs is typical), and a small 
amount of free lime. This cement, when mixed with sand, gravel, 
and enough water to form a thin paste, soon sets to a rock-like 
mass, concrete. Setting or hardening of concrete is due chiefly 
to reactions of the components of the cement with water. The 
calcium silicates react to form crystalline hydrates; the c^alciurn 
aluminate hydrolyzes to form two insoluble substances: 

Caa(A 103)2 + 6 H 2 O -> 3 Ca(OH )2 i + 2Al(0H)a i ; 

and the lime is slaked and becomes crystalline calcium hydroxide 
in the manner already indicated. The formation of these materials 
results in an interlocking network of crystals which firmly binds 
the particles of sand and gravel together. 

In the chemical industry lime is the most-used base, being 
only one-fourth as expensive as the next cheapest one, sodium 
hydroxide. Salt and sulfuric acid are the only substan(*es that 
are used more extensively. Lime is a basic oxide, and when mixed 
with water it hydrates slowly to form the slightly soluble calcium 
hydroxide. A solution of the hydroxide, which is an electrolyte, 
contains a low concentration of hydroxyl ions because of the 
limited solubility of the compound. However, if excess of the 
solid is in contact with the solution, it acts as a reserve, replenish¬ 
ing the hydroxyl ions of the solution as they are used up by 
chemical reaction with other substances: 

Ca(OH )2 ^ Ca 2 + + 2 (OH)-. 

(solid) (saturated solution) 

This is simply a matter of displacement of the equilibrium 
(forward) and follows directly from Le Chatelier’s principle. 
Thus lime, in its hydrated form as calcium hydroxide, while not 
a “strong” base in the sense of furnishing a solution containing 
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a high concentration of hydroxyl ions, nevertheless is completely 
ionized and, in the presence of excess of the solid, continues to 
supply hydroxyl ions as they are used up. 

EXERCISES 

1. After salt has been removed from the solution from which it crystallized, 
it is washed free of the adhering lifiuid with a saturated solution of pure salt 
(p. 317). Why is not pure water used to wash the crystals? 

2. Calculate the percentage of water of hydration in washing soda. 

3. Show that the statements about oxidation and reduction made in connec¬ 
tion with the electrolytic process for making caustic soda are in conformity with 
the earlier definitions of oxidation and redu(;tion (p. 305). 

4. How many tons of limestone containing 90% CaCOa must be mined in order 
to produce 10 tons of lime? What weiglit of carbon dioxide would be produced 
simultaneously? 

5. Using Le Chatclier’s principle, explain why the “water equilibrium”: 

(OH) - 

is displaced forward as hydrogen ions arc discharged at the (jathode during the 
electrolytic production of caustic soda. 

6. Calculate how many pounds of sodium (;arbonatc will be obtained from each 
pound of salt used in the Solvay i)rocess. Assume the reactions involved go to 
completion. 

7. Keeping in mind that hydroxyl content is what determines a substance’s 
value as a base, calculate what weight of calcium hydroxide has basic qualities 
equal to that of 1 kg of sodium hydroxide. 

REFERENCES 

Brighton, T. B., “Salt Making on Great Salt Lake,” J. Chem. Ed., 9, 407 (1932). 
Fisk, H. G., “The Nature of Portland Cement Clinker,” ibid,, 11, 195 (1934). 
Hohnes, H., “An Outline of the Uses of Lime,” Chem. Met. Eng., 26, 249 (1922). 
Hyler, J. E., “The Production of Salt,” J, Chem. Ed., 12, 203 (1935). 

Kendall, J., Smith’s College Chemistry, D. Appleton-Century Company, New 
York, 1935, Chapters 42 and 43. 

Little, A. D., “Dependence of Lime Industry upon Nature and Science,” Chem. 
Met. Eng., 26, 149 (1921). 

Robertson, G. R., “California Desert Soda,” Ind. Eng. Chem., 23, 478 (1931). 



Chapter XXIII 


Heavy Chemicals 


The term ^^heavy chemicals'' is often applied to the chief com¬ 
pounds of the last and the present chapter because of the vast 
scale on which they are employed. In the United States alone 
the annual production of several of these (compounds amounts to 
millions of tons. The compounds in the foregoing chapter^ salt, 
soda ash, caustic soda, and lime all have a metallic constituent 
and are of the electrovalence type. Those described here, sulfuric 
acid, nitric acid, hydrochloric acid, and ammonia, are composed 
only of non-metallic elements united by covalence bonds. While 
these latter compounds may not be as familiar as the metallic 
ones, they nevertheless constitute the backbone of many impor¬ 
tant industries, for they serve in an intermediate capacity in 
preparing many diversified products. 

TABLE I 


IMPORTANT COMPOUNDS OF THE NON-METALS 


Formulas arid 
('0 m mo ti N a rn cs 

Ions set free in 
Aqueous Solution 

Solubility in 
Grams jut 
100 a HiO at 
25^C 

A pprox. 
Annual U.S. 
Production, 
Tons 

Physical State 
under Ordinary 
Conditions 

112804 

Sulfuric acid 

H+ + (HSO,)- 

*^11+ + sor 

completely 

miscible 

7,500,000 

colorless liquid 
(b.p. 270°C) 

HNOa 

Nitric acid 

+ (NOa)- 

completely 
miscible : 

150,000 

colorless liquid 
(b.p. 86^) 

HCl 

Hydrochloric 

acid 

H+ + Cl- 

70.0’^ 

225,000 

colorless gas 
(b.p. -85°) 

NHs 

Ammonia 

(Nn.)^ + (OH)- 

46.0* 

200,000 

colorless gas 
(b.p. -33°) 


* The gases, HCl and Nils, respectively, being at one atmosphere pressure. 
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Table I shows that the compounds all give rise to ions when 
mixed with water. This indicates that the covalence bonds exist¬ 
ing in the original molecjules may, under certain (*onditions, turn 
into electrovaleiKjes; and the compounds thus behave at least in 
part as electrolytes. The first three yield hydrogen ions in acpieous 
solution and are thus acids; the last furnishes hydroxyl ions and is 
therefore a base. The high solubilities or complete miscibility of 

these compounds with water 
largely accounts for their im¬ 
portance in the chemical in¬ 
dustry. Their concentrated 
solutions are of value in 
bringing about certain reaci- 
tions which would be less 
complete or less rapid in more 
dilute solution. 

Sulfuric Acid H2SO4 

This substance has been 
aptly called ^^The Warhorse 
of Industry.’^ It is used in 
almost every chemi(*al indus¬ 
try and in many that are not strictly chemical, as will be seen 
from Fig. 1. It is the cheapest of the ^^strong^’ acids. The latter 
term means that it is highly ionized in aqueous solution and can 
yield solutions of relatively high hydrogen-ion concentration. The 
properties of pure hydrogen sulfate indicate that the atoms are 
linked as follows: 


H : O : S : O : H 
*: 0 : ’ 

wherein it should be remembered that only the valence or outer¬ 
most electrons are shown and that they do not actually occupy 
static positions about the atoms nor are the latter all in the same 
plane. The bonds between atoms in hydrogen sulfate are all 
covalences. Each hydrogen atom contributes its lone electron 
to the pair forming the bond between 0—H; the oxygen atoms 
linked to hydrogen and sulfur contribute an electron to each of 



Fig. 1 . UTILIZATION OF H2SO4 BY 
INDUSTRY 





HEAVY CHEMICALS 


399 


these bonds; the other oxygen atoms are linked to the sulfur 
atom by pairs of electrons furnished by the sulfur atom. 

The dilution of hydrogen sulfate with water is best represented 
as two interdependent equilibria that are shifted more and more 
to the right as water is added: 


( 1120 ) 

H2SO4 ^ + (HSO4)-” 

(II oO) 




As is to be expect^ed, the properties of the acid change markedly 
with dilution. In the presence of little water the material has 
strong oxidizing qualities due to the molecules of H2SO4. Carbon, 
for example, will be oxidized to carbon dioxide by hot concen¬ 
trated sulfuric acid: 

C + 2 H 2 SO 4 2 H 2 O + 2 SO 2 t + CO 2 t . 

Upon dilution the oxidizing properties of the .acid diminish, 
and ultimately only the properties of lU and (804)*'^“ can be 
discerned. 

The acid is manufactured in greatest quantity direcitly from 
the element sulfur, of which there are large natural deposits in 
the United States, Sicily, and Japan. The American deposits 
are in Louisiana and Texas and lie deep underground. Wells, 
not unlike oil wells, are sunk sometimes as much as 1000 feet until 
they reach the sulfur-bearing stratum. Three concentric pipes 
are lowered as shown in Fig. 2. Superheated water is forced down 
between the outer and middle pipes. This melts the sulfur (m.p. 
n 4 °C) in the interstices of the rock. Compressed air, blown 
down the inner pipe, then forces the hot water and molten sulfur 
up between the middle and inner pipes. At the surface the sulfur 
is run into bins and allowed to cool and solidify. 

The preparation of sulfuric acid depends on several reactions: 
the burning of sulfur yields a gas, sulfur dioxide SO2; this can be 
made to combine with more oxygen to form the trioxide; the latter 
in the presence of water forms hydrogen sulfate H2SO4. 

S + O2 SO2 + energy (heat and light) 

2SO2 + 02-^ 2SO3 + energy (heat) 

SO3 + H2O “> H2SO4 + energy (heat). 
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In practice the difficult part is to convert SO2 to SO3, inasmuch 
as this reaction proceeds at a very slow rate under ordinary con¬ 
ditions. It might be thought that the obvious way of speeding 
up the combination between the SO2 and O2 would be to increase 
the temperature, since this is always effective in increasing the 

rate of a chemical reac¬ 
tion. As a matter of fact 
heat does increase the rate 
of combination; but un¬ 
fortunately this reaction 
is reversible, that is to say, 
SO3 decomposes at a cer¬ 
tain rate into the original 
SO2 and O2, and increase 
in t emperature also speeds 
up this decomposition. 
Since the reaction is ex¬ 
othermal, the equilibrium 
mixture actually (‘ontains 
less SO3 at higher than 
at lower temperatures 
(Le Chatelier’s principle, 
p. 344 ), and it is therefore 
evident that raising the 
temperature increases the 
rate of the backward re- 
. . action more than that of 

iNMYDRITE ; I _ 

tem- 
to a 
one 

Courtesy of Texas Gulf Sulphur Company, Inc. that is leSS Complete than 

at lower temperatures. 
Since time is an important factor in industry, it is necessary to 
strike a happy mean or optimum temperature. At this tempera¬ 
ture, although the conversion t6 SO3 is not complete, the rate is 
such as to give a daily output of sulfuric acid which is greater 
than for any other working temperature. 

Fortunately there is still another way of increasing the rate of 
a reaction; it involves the use of a catalyst (p. 300 ). These are 
usually sought for in exothermal reactions such as the, above, 
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where the application of heat to speed up the reaction simuh 
taneously serves to reduce the conversion of original substances 
to products. One of the most suitable catalysts found so far for 
the above Reaction is metallic platinum. The mixed gases, SO2 
+ O2 (air), purified by washing and drying as shown in Fig. 3 
and preheated to about 400 °C, are forced through the finely 
divided platinum. The metal catalyzes the reaction as the gaseous 
molecules come in contact with it, and it is for this reason that 


Water wash tower 


oQa 


\ 




Air 




Sulfur burner 


nrj 





Cone. H 2 SO 4 






I r> 

\ 
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u 
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Dust catcher 


I 100% 

» H2SO4 


' 4 V-zz:::—^ 

Drying v. Qontact tower 400° C. 


SO3 

Absorption 

tower 


Fig. 3. contact process for the manufacture of sulfuric acid 


the procedure is often called the contact process for making sul¬ 
furic acid. At 400 °, the reaction would ordinarily be almost com¬ 
plete but quite slow. In the presence of the catalyst it is almost 
instantaneous, and 95 - 98 % conversion of SO2 to SO 3 is not 
unusual. 

A practical difficulty arises when the attempt is made to dis¬ 
solve the resulting gaseous sulfur trioxide by bubbling it through 
water. The trioxide has such a strong affinity for water that its 
molecules combine with molecules of water ?’apor (which have 
evaporated into the bubbles of hot SO3) before the former have 
had an opportunity to come in contact with liquid water. The 
result is that a mist of tiny droplets of sulfuric aedd forms in the 
bubble. Figure 4 pictures a bubble containing some molecules of 
sulfur trioxide enveloped by liquid water. Water molecules are 
shown evaporating into the bubble. Once they are in the gaseous 
state and have acquired the same temperature as the bubble, then 
they will travel more than twice as fast as the heavier SO3 mole¬ 
cules. The chance that an SO 3 molecule will get to the wall of the 
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bubble and thus into the liquid water before it encounters gaseous 
water molecules is thus small. When an SO3 molecule meets a 
molecule of water vapor it combines immediately to form a still 
heavier, and slower moving, molecule H2SO4. Thigf in turn is 
bombarded by, and absorbs more, water molecules, thereby 
becoming a minute drop of sulfuric acid, a still heavier entity. A 
collection of these droplets forms a mist in the bubble. The drop- 



Fig. 4. schematic representation of a burble of sulfur trioxide gas in 

WATER 

Arrows indicate sources and direction of motion of molecules. 


lets ill the mist move only very little, and most of them nimain 
suspended in the bubble without coming into contact with the 
wall and dissolving in the liquid water. The mist may be bubliled 
many times through successive reservoirs of water without being 
completely dissolved. It is obvious that this scheme for absorb¬ 
ing sulfur trioxide in water has practical drawbacks, due in part, 
oddly enough, to the very great affinity of the trioxide for water. 

The difficulty of getting sulfur trioxide to reacd. with water in 
a way which will allow collection of the product has been over¬ 
come by bubbling the gas through concentrated sulfuric acid 
containing only a few percent of water (absorption tower Fig. 3 ). 
There is little tendency for water from this concentrated acid to 
evaporate into the bubbles; hence no mist can form, and the SO3 
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molecules reach the walls of the bubbles and dissolve in the sur¬ 
rounding sulfuric acid. Here they react with the water molecules 
in accordance with the third equation above. All that is necessary 
is to add water continuously to the absorbing solution to replace 
that which has combined with the sulfur trioxidc. As the bulk of 
the absorbing acid is thus increased, some of it needs to be tapped 
off from time to time. This constitutes the output of the process. 

The contact or catalytic method of making sulfuric acid has 
been described in some detail above because it offers an excellent 
review of principles stated earlier. It is not the only method used 
(a)mmercially for making the acid, but it is the most important 
and will be sufficient to illustrate the main (*oursc of the transfor¬ 
mation, that of converting sulfur, oxygen (air), and water into 
sulfuric acid. 

To des(‘rihe all the uses of sulfuric acid would reciuire several 
volumes; even to enumerate them would fill several pages. Fig¬ 
ure 1 shows the most important (*onsuming industries. Fertilizer 
manufacturers require sulfuric* acid to (*onvert the relatively in¬ 
soluble phosphate rock [largely Ca3(PO.i)2], found in large deposits 
in some of our southei’n states, to the somewhat more soluble 
^‘superphosphate” ('a(H2P04)2: 

2 H 2 HO 4 + Ca3(P04)2 + 4 H 2 O -^2(CaS04,2H20) + Ca(H2P04)2. 

The latter furnishes one of the three most important ingredients 
of all commercial fertilizers and fertile soils, viz.: a soluble phos¬ 
phate. The other two essentials are: a soluble nitrogenous com¬ 
pound (ammonium salt or a nitrate) and a potassium salt. It is 
seen in Fig. 1 that much sulfuric acid is converted to ammonium 
sulfate for fertilizer purposes. This is brought about by dissolv¬ 
ing ammonia in dilute acid: 

2NH3 + H28O4 (NH4)2S04. 

The latter is a typi(*al ac’id-base reaction (neutralization, p. 331 ), 
in which the ammonia acts as a base (?.c., removes H^) and the 
H2SO4 as an acid: 

H2SO4 2H+ + (SO4)'-. 

+ 

2NH3 

2(NH)4+ 
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There finally remain only ammonium NH 4 + and ( 804 )^“ ions. 
Solid ammonium sulfate is obtained by concentrating the solu¬ 
tion through evaporation of water until crystals form. 

The petroleum-refining industry uses large quantities of sul¬ 
furic acid to purge its products of reactive compounds that would 
darken in time due to oxidation by air. The use of the acid for 
“pickling” iron and steel is similar to that described under hy¬ 
drochloric acid (p. 407). All common storage batteries require 
sulfuric acid as the electrolyte. The acid is also widely used in 
the preparation of other acids; two of these will now be described. 

Nitric Acid HNO3 

This substance, like sulfuric acid, was discovered by the early 
alchemists. They named it “aqua fortis” (the strong water) 
because of its extreme reactivity, there being relatively few sub¬ 
stances that can withstand contact with concentrated nitric acid 
without being chemically transformed. The strong oxidizing 
qualities of nitric acid are reduced by dilution, for then the mole¬ 
cules of hydrogen nitrate dissociate and finally the solution simply 
has the properties of hydrogen ion H+ and nitrate ion (NOs)”: 

(IIjO) 

HN 03 ^ 11 ++ (N 03 )-. 

This is quite analogous to the behavior of sulfuric acid. The 
structural formula for nitric acid is also reminiscent of that found 
for sulfuric acid (p. 398). All the bonds are covalences: 

H : O : N : 6. 

: O : 

The oxygen atom that is linked to hydrogen and nitrogen con¬ 
tributes one valence electron to each of these bonds. The other 
oxygen atoms are united to the nitrogen through pairs of elec¬ 
trons furnished by the nitrogen atom. 

The ancient mode of preparing.nitric acid is still in use, although 
additional methods have been discovered for making it. The old 
method depends upon adding concentrated sulfuric acid (b.p. 
270°C) to Chile saltpeter and then distilling off the hydrogen 
nitrate (b.p. 86°) by raising the temperature: 

NaNOs -b H 2 SO 4 NaHS 04 -t- HNO, t. 
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The high boiling point of sulfuric acid makes it possible to distill 
off the more volatile nitric acid without contamination by vapors 
of the former. 

The newer method of preparing the acid is by the ammonia 
oxidation process, which was developed in Germany during the 
World War ( 1914 - 18 ) when that country was cut off from foreign 
sources of nitrates. It starts with the elements nitrogen and 
hydrogen and the synthesis of anunonia from them (p. 408 ). 
The ammonia is then oxidized at about 700 °C by means of 
admixed oxygen-enriched air, the mixture of gases being passed 
through a platinum gauze which acts as catalyst for the reaction: 

4NH3 + 5O2 -> 4 NO + 6H2O + 215,000 calories. 

When the resulting gaseous mixture is cooled, the nitric oxide NO 
(a colorless gas) combines with the excess of oxygen that is present 
and forms nitrogen dioxide NO2 (a brown gas): 

2 NO + O2 -> 2NO2. 

The latter is dissolved in warm water to give nitric acid: 

3NO2 + H2O 2HNO3 + NO t . 

Nitric oxide NO is formed simultaneously but is converted by 
excess oxygen to NO2 (next to last reaction), which then reacts 
with more water (last reaction) 
to form additional nitric acid. 

The distribution of nitric acid 
in industry (Fig. 5 ) indi(*.ates 
that the most important chemi¬ 
cal property of the a(*id is the 
fact that it will react with com¬ 
plex compounds of carbon to 
form nitro compounds. The ex¬ 
plosives, plastics, lacquer, and 
dye industries use compounds of 
this sort. As examples may be 
cited the high explosives trini¬ 
trotoluene (T.N.T.), trinitro- 
phenol (picric acid), trinitrobenzene, and nitrocellulose (guncot¬ 
ton). The last results from the action of concentrated nitric acid 
on cellulose (cotton): 

C6H702(0H)3 + 3HNO3 C6H702(N03)3 + 3H2O. 



Fig. 5. distribution of hnos in 

INDUSTRY 
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The formula for cellulose is not as simple as here shown. Its 
actual molecular weight cannot be determined ac^curately, and 
consequently the formula [CfiH702(0H)3]j, is sometimes assigned 
to it to indicate that the relative proportions of the elements are 
known but not the total amount of each in the complex mole(*ule. 
The product of the reaction, the trinitrate of cellulose (gun¬ 
cotton), explodes violently when struck. It forms the basis for 
smokeless powder, used in all modern ammunition, and for dyna¬ 
mite, an important engineering tool. Less highly nitrated cellulose 
is used in making plastics, artificial silk and leather, photographic 
films, and lacquers. 

The reason why nitro compounds suc^h as the above are so useful 
as explosives is that they are invariably unstable. Upon reacting 
(exploding), they give rise to mu(‘h energy and to gaseous prod¬ 
ucts: CO2, H2O, N2, and Go. The latter tend to expand due to the 
heat, and thus great pressures may be obtained. 

Hydrochloric Acid HCI 

Like nitric acid, this volatile acid (b.p. — So^C) is prepared 
commercially by treating a salt with the relatively non-volatile 
sulfuric acid and warming to expel a gas, here the HCI: 

NaCl + H2SO4 -> NaHS04 + HCI t . 

Although the reaction can be shown to be reversible, it is brought 
to completion because the escape of the gaseous hydrogen 
chloride prevents the reverse reaction. Inasmuch as it requires 
a low temperature or high pressure to liquefy the gas, it is almost 
always dissolved in water, producing the solution called hydro¬ 
chloric acid. The latter is a typical ''strong'' acid, the molecules 
of hydrogen chloride being completely dissociated into ions: 

HCI H+ + C 1 -. 

Hydrogen chloride is also made commercially by burning 
hydrogen in chlorine: 

H2 + CI2 2 HC 1 . 

The largest proportion of the hydrochloric acid produced is 
used in making other chemicals (Fig. 6). Second to this is its use 
in the iron and steel industry. Here the acid is used chiefly to 
cleanse the surface of the metal preparatory to receiving coatings 
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of zinc (galvanizing), tin (tin-plate), or lacquers. The main effect 
of the acid is to dissolve the oxide coating (rust and scale) that 
accumulates in the process of fabrication: 

Fe^Oa + 6HC1 2FeCl3 + 3 H 2 O. 

The ferric (*hloride is soluble in water and may be rinsed off. This 
cleansing pro(*ess is technically known as ^^pickling.’’ 

Ammonia NH3 

Ammonia has already been mentioned in a numbt^r of impor¬ 
tant connections: (1) Solvay process for making sodium carbonate, 
(2) preparation of ammonium 
sulfate, ( 3 ) manufacture of nitric 
acid by ammonia oxidation. Liq¬ 
uid ammonia is employed ex¬ 
tensively in refrigeration ma¬ 
chines (p. 201), and a solution in 
water is used in the household 
as a cleaning agent. The solu¬ 
tion has (‘leansing properties be¬ 
cause it is basic, although not 
strongly so. Just as ammonia 
reacts with sulfuric acid (p. 403 ), 
so it reacts, but to a more limited 
extent, with the very weak acid, 
water [HoO ^ + (OH)~], to produce ammonium (NH 4 )‘^ 

ions. This results in a slight excess of hydroxyl (OH)~ ions over 
hydrogen ions in the solution and accounts for the basic 
properties: 

NH3 

+ 

H 2 O H+ + (OH)-. 

jjr 

(NH4) + 

Ammonia, like the acids considered in this chapter, possesses 
molecules in which the atoms are linked by covalences; but, 
instead of acting as a proton donor (acid) in aqueous solution, it 
acts as an acceptor and thus leaves the solution with an excess of 
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hydroxyl ions and therefore basic. Indicating the electrons, the 
reaction runs as follows; 


H 

H :N: + H : 6 : 
• • • • 

H 


- H 1 + 

H :N: H + [lO: h]" 

ii J 


Formerly NH 3 was obtained chiefly as a by-product in the 
industries distilling coal (coke and coal-gas producers), but at 
present the greater portion of the supply is made by direct syn¬ 
thesis using the elementary nitrogen of the atmosphere as starting 
material. The process most in use is that due to Haber and was 
developed on a large scale in Germany during the World War 
(1914-18). This mode of “fixing” the nitrogen of the atmosphere 
in the form of compounds useful in fertilizers, explosives, chemi¬ 
cal industry, etc., depends upon the fa(it that, under favorable 
conditions, nitrogen can be made to combine directly with hydro¬ 
gen to form ammonia: 


N 2 -h 3 H 2 ^ 2NH,s -f 24,000 calories. 

This synthesis, although in many respects similar to the (iombi- 
nation of sulfur dioxide with oxygen (p. 400), is much more 
difficult to carry out. An increase in temperature increases the 
rate of decomposition of the ammonia much more rapidly than it 
increases the rate of combination of the elements. Application of 
the principle of Le Chatelier enables us to predict that raising 
the temperature will shift the equilibrium to the left. Thus in 
practice it is found that at 450°C about i% of ammonia is 
in equilibrium with its elements, whereas at 600° it diminishes to 
-h%- It is obviously advantageous to work at as low a tempera¬ 
ture as is consistent with reasonably rapid reaction. When it is 
remembered that at ordinary temperatures the rate of combina¬ 
tion of nitrogen and hydrogen is entirely negligible, the difficulties 
that confronted Haber become clear. On the one hand, the tem¬ 
perature was not to be raised be’cause it cut down the percentage 
of nitrogen and hydrogen converted to ammonia, and, on the 
other, lowering of the temperature was to be avoided because it 
made the reaction exceedingly slow. The success of the process 
as finally developed depended on the discovery of an efficient 
catalyst for the reaction and the use of high pressures. The 
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reaction forming the ammonia involves a considerable contrac¬ 
tion in volume (4 2 ); one molecule of nitrogen plus three of 

hydrogen give two of ammonia. In such cases it has been found 
that an increase in pressure helps the reaction to go in the direc¬ 
tion of the reduced volume, the ammonia in this case. This 
involves another application of the principle of Le Chatelier 
(p. 347 ). 

Even with the most suitable catalyst (iron admixed with other 
metals) the reaction is too slow until a temperature of about 550 °C 

Temperature->- 


400" 450" 500" 550" 600" C. 



Fig. 7. effect of tempekature and pressure upon the yield of ammonia 

IN THE HABER PROCESS 

is reached. Then only 0 . 08 % of ammonia would be formed at 
atmospheric pressure, but in the Haber process this proportion is 
increased to 12% by working under a pressure of 200 atmos¬ 
pheres. In a more modern process a pressure of 1000 atmospheres 
is used, securing a yield of 40 %. In experimental runs at much 
higher pressures, as much as 97 % conversion has been obtained. 
The effect of increased pressures (curve I) and temperatures 
(curve II) upon the amount of ammonia obtained in this equilib¬ 
rium is shown in Fig. 7 . Temperatures for curve II are plotted 
according to the abscissas shown along the top of the graph, and 
pressures for curve I are given by the scale along the bottom. 
While the curves make it clear that both high pressure and low 
temperature make for larger proportions of ammonia in the 
equilibrium mixture, the graph gives no inkling as to the time 
required to reach equilibrium. It is because this factor is impor- 
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tant commercially that the reaction is run at a relatively high 
temperature where equilibrium is rapidly attained. 

The ammonia produced in the Haber process is condensed to a 
liquid by cooling or is absorbed in water. The residual unchanged 
gases (nitrogen and hydrogen) are recirculated over the catalyst, 
pure N2 and Ha being continuously added as ammonia is taken 
out. This closed cycle is shown schematically in Fig. 8. 



Fig. 8. haber process for ‘^fixing^’ nitrogen as ammonia 


The growing importance of synthetically produced ammonia 
as a source of supply of nitrogenous compounds may be deduced 
from Fig. 9 . Whereas the amount of these compounds that have 
come into commerce through by-products and by importation of 
natural saltpeter (NaNOa) from Chile has remained pra(;ti(tally 
constant for thirteen years, the quantity of such compounds 
made by fixing atmospheric nitrogen has almost quadrupled. 
Eighty-five percent of all fixed nitrogen is made by the Haber 
process. The ^^atrnospheric^^ nitrogen consumption is now almost 
four times the rest put together. The annual world production of 
synthetic or atmospheric^^ nitrogen compounds could easily be 
doubled, since most plants were operating at about half their 
rated capacity during the period last represented in Fig. 9 . During 
1938 , 87 % of the world production of nitrogen compounds went 
into fertilizers. The sharp increase in the use of nitrogenous 
compounds as fertilizers during recent years is a reflection of the 
policies of self-containment being fostered by many governments. 
Fertilizer has been applied even to very poor soils and crops 
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made to grow. Any nation that becomes self-sustaining in the 
agricultural sense through nitrogen fixation is simultaneously 
setting up a powerful defense weapon in the military sense. Not 
only does an ^‘army march upon its stomach,” but it requires 
adequate supplies of nitrogenous compounds as explosives. 



YEARS 

Fig. 9. world production of nitrogen compounds 
The ioriiijiKo is on tlio bn, sis of actual nitro^ijon (content. “By-product sulfate” is 
aininonium sulfate from noii-atrnospheric sounuis. Courtesy of Industrial and En^ 
g ince r ing ( <hcin ist nj. 


EXERCISES 

1. Draw pictiir{‘s reprosemtinp; the atoiiiH* atid electronic arranponieiit in sulfur 
dioxide SO-i and sulfur trioxide 80;<. Disrep^ard all Init the so-(;alled valence elec¬ 
trons. All the bonds arc covalent links. 

2. What influence will raisinp; the temperature above 700°C have upon the 
equilibrium reaction involved in the oxidation of ammonia? Explain how you 
reach your conclusion. 

3. Examine the e(|uation for the action of carbon on hot concentrated sulfuric 
acid: 

-f 2H,SO, -> CO 2 -f 280o + 21 Id) 


and i)oint out what is oxidized and what is reduced, (live reasons for each 
selection. 

4. Write a balanced equation to show the “pickling” action of sulfuric acid on 
the rust on iron or steel. The oxide is converted to ferric sulfate and water. 

5. Write a structural formula, showing valence electrons, for the covalent 
compound, hydrogen chloride. 

6. Write a balanced equation to show the reaction between aqueous solutions 
of ammonia and nitric acid to form ammonium nitrate. 

7. How many tons of concentrated sulfuric acid (95% hydrogen sulfate) can 
theoretically be obtained from one ton of sulfur? 
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8. When atmospheric nitrogen is ^‘fixed’’ according to the Haber process and 
then converted to nitric acid, how much nitric acid is to be expected from each 
pound of nitrogen? Assume that no nitrogen is wasted. 
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Chapter XXIV 


Compounds of Carbon 


It is customary to divide the study of chemical compounds into 
two parts; one concerns the inorganic compounds and the other 
the organic. Inorganic; compounds do nol contain the clement 
carbon,^ whereas the organic compounds do. That a major 
branch of chemistry should be concerned with the compounds of 
just one element, while another branch deals with the compounds 
of the other 91, immediately gives rise to the idea that undue 
emphasis may be being placed on the study of the compounds of 
carbon. However, this thought will soon be dispelled when it is 
discovered that the compounds of this element are at least as 
numerous and as important to man as the compounds of all 
other elements put together. 

Before 1828, the words inorganic and organic had a different 
connotation from that given above. It was believed that all 
^^organic^^ compounds had their origin in living plants or animals, 
that is to say, these compounds could only be formed through the 
operation of the ^dife force^^ of a plant or animal organism. In 
1828, Wohler, a German chemist, accidentally produced a well- 
known ^^organic’^ compound, urea CO(NH 2 ) 2 , in the laboratory. 
He accomplished this by simply warming an aqueous solution of 
a salt, ammonium cyanate (NH 4 )+(NCO)“, then called ‘dnor- 
ganic’' since it was not produced by living organisms: 


aqueous 

solution 

(NH4)+(NC0)--> C0(NH2)2. 

ammonium 100°C urea 

cyanate 


1 Exceptions may bo noted in such compounds as the oxides of carbon, carbonic acid, and 
the metal carbonates. Those are usually studied along with the inorganic compounds. 
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After this epoch-making discovery, chemists gradually relin¬ 
quished the idea that there was a group of compounds that 
could only be made with the help of the 'Vital force/^ Following 
in the footsteps of Wohler, they have now synthesized thousands 
of compounds that were formerly associated solely with life 
processes. It happens that these compounds almost invariably 
contain the element carbon, and it is for this reason that the name 
organic has been retained for all of the (*ompounds of carbon 
irrespective of whether they can be made artificially or must be 
obtained from living sources. 

The Element Carbon 

Carbon is unique in several ways, both physically and chem¬ 
ically. It is known to exist in two different physical Jornis in the 
solid state j graphite and diamond. This phenomenon, allotropism, 
is not unusual among the elements, but it is surprising to find that 
the allotropes of carbon are so different from one another. To 
mention only a few properties: the diamond is colorless, has a 
density of 3.5 g/cc, is a non-conductor of electricity and the 
hardest naturabmineral; graphite is black, has a density of 2.2, 
is a fair conductor and the softest natural mineral. Explanations 
for these marked differences have recently been given in terms 
of the crystal structures (p. 212) of the two forms. 

More important for the understanding of its chemical prop¬ 
erties is the electronic structure (p. 361) of the carbon atom. 
When the elements are arranged in increasing order of complexity, 
as in the periodic classification, carbon is the first element that 
has four valence electrons. The energy states of these electrons 
are such that ordinary oxidizing and reducing agents can neither 
remove nor add electrons to the carbon atom. Carbon conse¬ 
quently forms no independent positive or negative ions and ex¬ 
hibits no electrovalence. Its atoms invariably share electrons 
(covalence) with other carbon atoms or with atoms of other 
elements. The tendency for barbon atoms to share electrons 
among .themselves, with carbon bonded directly to carbon, is 
much more marked than is the same tendency in any other ele¬ 
ment. It accounts for the existence of several hundred thousand 
compounds of carbon and for the homologous series (below) of 
interrelated compounds that are found among them. 
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The Oxides of Carbon 

Among the most important compounds of carbon are its oxides, 
carbon monoxide (.'0 and carbon dioxide 0 ^ 02 . The former is 
the most widely used reducing agent in metallurgy (p. 379 ); the 
latter is essential in photosynthesis, the reaction which makes 
plant and animal life possible (p. 423). Besides these uses the 
oxides of carbon find application in dozens of industries, a few 
of which will be mentioned below. 

The chief industi’ial source of both oxides is coal or coke, which 
are largely carbon. Upon burning these in a limited supply of 
oxygen (air) at a temperature of about 1000 °C, the carbon is 
converted almost wholly to carbon monoxide: 

10()0°C 

2 C + O 2 -> 2CO. 

(limited) 

If oxygen or air is in excess, then the oxidation proceeds further 
and carbon dioxide results: 

C “b O 2 —^ CO 2 . 

Carbon monoxide is also prepared commercially on a large scale 
as water gas, in which it is mixed with an equal amount of hydro¬ 
gen. In this process steam is used to oxidize the coal or coke: 

100()°C 

C + 1120 -> CO + Ho. 

Water gas is used extensively for domestic heating and cooking. 
When mixed with air and ignited in a burner, both gases react 
to give off much heat: 

2 CO + 02 -^ 2 CO 2 + 136,000 cal. 

2 H 2 “b O 2 2 H 2 O “b 116,000 (*al. 

Water gas is the starting material in the synthetic production ^ 
of wood alcohol CH 3 OH and methane CH j. 

Carbon monoxide is a colorless and odorless gas. It is very 
poisonous, one volume in one hundred of air causing death in a 
few minutes. The dioxide, also colorless and odorless, is non¬ 
toxic. It is used widely in carbonated beverages such as soda 

450^0 250*^0 

I CO + 21 I 2 —-> CHsOn. CO -f 3 H 2 -> CH 4 -f H 2 O. 

High Nickel 

pressure. catalyst 

Oxide catalyst 
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water and beer, also as a refrigerant (“dry ice”)- The parts it 
plays in forming hard water and in “weathering” are discussed 
elsewhere (pp. 319, 456). 


Homologous Series 

The compounds of carbon and hydrogen, known as hydrocar¬ 
bons, may be used to illustrate the tendency of carbon to com¬ 
bine with itself, thereby forming whole series of compounds 
with closely related properties and gradually increasing com¬ 
plexity. Methane CH 4 (marsh gas) is the first member of such 
a series; its structural formula may be represented as in (a) or ( 6 ). 
Here carbon has a covalence of four; it shares four pairs of elec¬ 
trons with as many hydrogen atoms. The use of a single line (b) 



H 

H 

1 

H ; C : H 

H—C—H 

H 

1 


H 

( 0 ) 

(b) 


joining the symbols for atoms that are linked by covalence is more 
convenient than the electron-dot formulas (a) and will be used in 
the remaining structural formulas in this chapter. The next mem¬ 
ber in the series differs only slightly from methane in properties; it 
is ethane. The third member is propane, and so on. It is obvious 


H H 

I i 

H—C—C—H 

I I 

H H 

ethane 

C2H6 


H H H 


H—C—C—C—H 


H H H 

propane 

Calls 


H H H H 


H—C—C—C—C—H, etc. 

I I I I 

H H H H 

butane 

CiHio 


that the tendency for carbon atoms to unite with each other leads 
to chain-like molecules, each member in the series differing from 


the next by an H—C—H group. The homologues of the methane 

I 

series have the general formula C„H 2 „+ 2 . The first four are color¬ 
less gases at room temperature; those having formulas from 
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C 6 H 12 to Cir.H 34 are colorless liquids, and those with more complex 
formulas are white, waxy solids. 

Every member of this series up to C 60 H 122 is present in natural 
petroleum, a dirty-brown mineral oil. The lower, gaseous mem¬ 
bers, particularly methane, are found also in natural gas. These 
substances, petroleum and natural gas, constitute, along with 
coal, our most important direct sources of energy. Petroleum is 
refined by a process of fractional distillation, which permits a 
partial separation of the components of this complex mixture. 
Upon heating, the components are volatilized, roughly in the 
order of their molecular weights. The first fraction to be vapor¬ 
ized and condensed has components with boiling points up to 
about 70°C. It is mostly pentane C 5 H 12 and hexane C 6 Hi 4 and 
is used as a solvent by the varnish and rubber industries. The 
next fraction, gasoline, is the most important one in our present 
economy. It contains hydrocarbons from CgHi 4 to C 12 H 26 , with 
boiling points ranging from about 70° to 200°. Later fractions 
arc kerosene, gas or fuel oil, lubricating oUs, and paraffin. The 
demand for gasoline to be used as motor fuel has grown to such 
proportions (50 billion gallons annually in the U.S.) that any 
scheme for producing more of it from the petroleum now pumped 
from the earth is sure to meet Avith instant attention. About 
one half of our present gasoline is made by cracking the gas or 
fuel oil fraction mentioned above. This is accomplished by heat¬ 
ing the fraction to between 400-500° under pressure. The heavier 
molecules in the fuel oil are split or “cracked” into lighter ones 
whose boiling points lie in the range prescribed for gasoline. Our 
gasoline supply is likewise being augmented by causing simple, 
low-boiling hydrocarbon molecules, such as the methane of nat¬ 
ural gas, to combine to form the more complex hydrocarbons in 
the gasoline range. In England and Germany, where natural 
petroleum is practically non-exLstent, much motor fuel is now 
made by chemical reactions involving the hydrogenation of the 
poorer grades of coal. 

Closely related to the methane series of hydrocarbons are the 
ethylene C„H 2 „ and acetylene C„H 2„-2 series. In these compounds 
one carbon-carbon linkage is different from the ordinary covalent, 
shared-electron pair, bond. Ethylene and acetylene, both colorless 
gases under ordinary conditions, are the first members of their 
respective series; 
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H H 

I I 


H H 

H 

t 

H H H H 


I I 

H—C = C—H 

H- 

-C = C- 

I 

-C—H 

I 

H—C = C—C—C- 

I I 

-H, etc. 




I 

H 

I I 

H H 


ethylene 

C2H4 


propylene » 

CaHe 

butylene 

C4H8 





H 

I 

H H 

I I 


H—C=C—H 

H- 

-c=c- 

I 

C—H 

I I 

H—C^C—C—C- 

I I 

-H, etc. 




H 

I I 

H H 


acetylene 

C2H2 


propine 

C3H4 


bulinc 

C4H6 



It will be noticed that the ethylenic hydrocarbons have a double 
bond between two of their carbon atoms. The significance of this 
in terms of valence electrons is that the two carbon atoms share 
two pairs of electrons instead of one as in the ordinary covalent 
bond. In acetylenic compounds a triple bond exists between two 
carbon atoms and, presumably, three pairs of electrons are in¬ 
volved. In all the hydrocarbons, of whatever scries, carbon 
retains its tetravalence (four bonds) and hydrogen its mono¬ 
valence. 

An inspection of the formula for butane will show that it might 
also have been written: 


H 

H—C 

H 


H 

I 

-C- 

H—C-H 


H 

C—H 


H 


H 


isobutane C4H10 


This is a branched or side-chain hydrocarbon, as distinguished 
from the normal or straight-chain butane. It is clear that as one 
goes to higher members of a series the possibilities of writing the 
formulas in different ways increase. In most cases compounds 
corresponding to these formulas have been produ(!ed in the lab- 
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oratory or isolated from natural products. Compounds like 
butane and isobutane are called isomers; they have the mme 
molecular formula, hut the atoms are arranged differently in the 
molecule. While C 4 H 10 has only two isomers, ChHis has 18, and 
C 13 H 28 theoretically has 1855. Isomerism also markedly increases 
the number of possible hydrocarbons in the ethylene and acety¬ 
lene series, for here, in addition to the rearrangements as in the 
methane series, the double and triple bonds may appear at 
different positions in different molecules. 

Aromatic Hydrocarbons 

All of the above-mentioned hydrocarbons are aliphatic com¬ 
pounds, which indicates that their carbon atoms are linked in a 
chain-like manner, either straight or with branches. This dis¬ 
tinguishes them from the group of aromatic compounds in which 
the chain of carbon atoms closes on itself and forms one or more 
ring strucUires in the molecule. The most familiar and important 
of these is benzene CcHe, a colorless liquid which boils at 80^C. 

H 

H C H 

\ / \ / 

c c 


c c 

/ \ / \ 

H C H 

I 

H 

benzene C 5 H 5 


Its chief source is coal tar, a thick, black fluid obtained by con¬ 
densing the vapors arising when soft coal is heated in the absence 
of air. When coal tar is heated in turn, a number of hydrocarbons 
may be obtained by fractional distillation, in much the same 
way as the distillation of petroleum yielded the hydrocarbons 
mentioned in the preceding paragraphs. In addition to benzene, 
some of the more important compounds so obtained are here 
given in the order in which they appear as fractions during the 
distillation: 
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CH, 


CHs Oils 

toluene I 
C;H, 

b.p, 110° 


yen, 

CO 

oco 

139° 142° 1 

xylenes 

C.Hio 

naphthalene 

b.p. 218° 

anthracene 

b.p. 360° 


The structural formulas have been simplified to the extent that 
the “benzene ring’’ is represented merely as a hexagon; hydrogen 
atoms associated with the carbon atoms in the “ring” have been 
omitted. The usual alternation of double and single bonds holds 
around these rings just as in the formula for benzene. 

All of the hydrocarbons mentioned thus far in this chapter are 
either colorless gases or liquids, or white solids, at room tempera¬ 
ture. That the bulk of our supply of these materials lies in the 
dirty-brown petroleum and the pitch-black coal tar is almost 
unbelievable. Still more astounding is the fact that these unat¬ 
tractive materials are the starting points in the manufacture of 
most of our dyes, drugs, and perfumes. 

Derivatives of the Hydrocarbons 

From every hydrocarbon there may be prepared a large number 
of derivatives, wherein one or more of the hydrogen atoms of the 
hydrocarbon molecule has been replaced by some other atom or 
group of atoms. When the hydrogen is replaced by a chlorine 
atom, chloro-derivatives result; —OH groups produce alcohols 
or phenols; —COOH groups form organic acids; —NO 2 groups 
yield nitro compounds; —CHO groups produce aldehydes; and 
so on. No other element approaches carbon in this respect; it 
can combine with almost all atoms and groups of atoms, and 
substitutions of one for another are usually not difficult to carry 
out. A few common compounds and the hydrocarbons to which 
they are related follow on page 421. 

Although there are some definite limitations upon the number 
and kind of substitutions that may be made for the hydrogen atoms 
in hydrocarbons, these restrictions are nevertheless comparatively 
few, and it becomes possible to understand why several hundred 
thousand compounds of carbon are already known and many 
times that number are possible. 
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Hydrocarbon 

Derivative 

Name 

Use 

Methane CH 4 

CH—CI 3 

chloroform 

solvent; anaesthetic 

Ethane CoHe 

C2H.T-OH 

ethyl alcohol 

solvent; beverages 

Ethane C 2 H 6 

C 2 H 3 — 0 —C 2 H 5 

(ithyl ether 

anaesthetic; solvent 

Methane CH 4 

CH.,—COOH 

acetic acid 

textiles; solvent; 
vinegar 

Benzene CeHe 

CeHr,—CHO 

benzaldehyde 

“oil of 1 litter al¬ 
monds’^ 

Benzene CeHe 

CeH.,—OH 

phenol 

(carbolic 

acid) 

organic synthesis; 
disinfectant 

Toluene C 7 H 8 

C7H5-(N02)., 

trinitrotoluene 

(T.N.T.) 

high explosive 


The Carbon Cycle in Nature 

A study of the distribution of carbon in nature (Table I) 
shows that our great repositories of hydrocarbons, coal, petro¬ 
leum, and natural gas, account for only about one third of the 
carbon that is in the crust of the Earth. Carbonate rocks, in 
the form of limestone, etc., make up the bulk of the Earth’s 
carbon supply. Geologic investigations show that the distribution 
of carbon as given in Table I has remained remarkably constant 


TABLE I 

DISTRIBUTION OF CARBON IN THE CRUST OF THE EARTH 


In carbonates (sedimentary deposits) 

Ill coal, petroleum, etc. 

As (Carbon dioxide dissolved in the ocean 
As carbon dioxide in the atmosphere 
In living plants and animals 


140,000.0 X 10’’ tons 
80,000.0 “ 

270.0 
6.0 “ 

2.7 “ 


for many millions of years, despite the fact that transformations 
are constantly occurring as shown in Fig. 1. This can only mean 
that about as much carbon is leaving each of the main reservoirs 
as is returning over a given period of time. Calculations based 
on estimates of the plant and animal life on the Earth show that 
such an equilibrium does exist for the plant-animal-atmosphere 
portion of the cycle. Approximately as much carbon (as CO 2 ) 
is removed from the atmosphere annually by plants as is returned 
by animals through the processes of respiration and decay. In 
the course of the life cycles of these plants and animals the carbon 
dioxide undergoes some remarkable transformations. Some of 
these will form the subjects of the next few paragraphs. 
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Photosynthesis 

Figure 1 indicates that animals ultimately depend upon plants 
for food, and it shows that plants acquire the carbon (as CO 2 ) 
of the atmosphere through a reaction called photosynthesis. This 
is the most important reaction taking place in the plant kingdom. 
It produces the materials out of which plants are made and 



through which they grow. Since animal life depends upon plant 
life, photosynthesis also makes it possible for animals to exist 
on the Earth. The gigantic scale on which the photosynthetic 
process takes place in plants can only be estimated,^ but it is 
certain that it is one of the two most extensive reactions on the 
surface of the Earth. The other is the “weathering” of silicate 

1 Some 4 X 10^® tons of carbon as CO 2 are annually fixed in plants through photosyn¬ 
thesis. ^ 
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rocks (p. 456), a reaction which, oddly enough, also involves the 
carbon dioxide of the atmosphere. 

Photos3mthesis takes place in the leaves of plants when they 
are exposed to ordinary atmosphere and sunlight. Carbon dioxide, 
which the leaf imbibes from the atmosphere,' combines with 
water in the leaf to form oxygen and compound substances known 
as carbohydrates (starch and cellulose): 

6 CO 2 -b 5 H 2 O “b 671,000 cal —> CeHioOj -f- 6 O 2 . 

The oxygen is returned to the atmosphere through the stomata or 
breathing pores on the surfaces of the leaves. Photosynthesis, so 
far as its respiratory aspects are concerned, is thus seen to be 
the opposite of respiration in animals. The latter inhale oxygen 
and exhale carbon dioxide. 

The equation written above for photosynthesis requires some 
explanation. While it appears like an ordinary thermochemical 
equation of endothermal character (p. 306), it would not go for¬ 
ward as indicated if carbon dioxide and steam were merely sub¬ 
jected to high temperature. The necessary energy must be sup¬ 
plied to these reactants in a very special way, as radiant energy 
in the form of sunlight or its equivalent. Also there must be 
present a catalyst, chlorophyll (the green-colored substance in 
leaves), else very little happens. It should be noted that this 
reaction provides one of nature’s important energy banks. Solar 
energy is stored in the form of chemical energy in the complex 
molecules formed in the leaves of plants. This energy may be used 
soon by the plant or by animals that consume the plant, or it 
may be stored for millions of years to reappear as the energy in 
coal, petroleum, or natural gas. 

Another point that should be kept in mind about the equation 
given above is that it has been simplified because the actual for¬ 
mulas for the carbohydrates formed are not known. It is certain 
that their composition is in the proportion indicated by the for¬ 
mula CeHioOs, but the molecular weights of these substances, 
which are starches and cellulose, are very much higher than cor¬ 
responds to this simple formula. This and other evidence indi- 

1 Undersea plants use the carbon dioxide that is dissolved in the sea water. 

® It is only while the photosynthetic action is proceeding actively, i.e., during the day, 
that a plant returns oxygen to the atmosphere. At all times, and particularly noticeable at 
night when photosynthesis has stopped, the plant uses up small amounts of oxygen (the 
reverse of the above reaction) to obtain energy. As the result of this, carbon dioxide is re¬ 
leased by the plant. 
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cates that many sub-molecular groups of the form CoHioOf, have 
banded together to form large molecules of starch or cellulose. 
P'or present purposes it will be best to use the formula (CeHioOs)^ 
to show that nCcHioOs groups are linked together to form one 
molecule of starch, and (CeHioOs)™ to show that m such groups 
exist in the (sellulose molecule. 

Starch, synthesized in the leaves of plants, is also transformed 
there into sugars. The simplest of these is glucose C6H12O6; it 
is the product of the hydrolysis of starch: 

(CeHioOb)^ wHoO ^ TCC6H12O6. 

starch glucose 

Sugars are soluble in water and constitute the sap of plants. Thus 
the material formed in the leaves may be moved to other parts of 
the plant. Here, by a reversal of the last equation, the glucose 
is transformed to cellulose for new cell walls (growth), or starch 
to be stored away in the cells of tubers, seeds, or new leaves. 

Plant Products 

Only brief mention can here be made of some of the vast num¬ 
ber of plant products that are important to man. Three main 
divisions have already been laid down. These substances are: 
cellulose, starch, and sugar, or derivatives thereof. Plants also 
furnish us with valuable stores of oil. 

Cellulose forms the cell walls and woody structure of plants. 
Certain fibers: cotton, flax, hemp, are almost pure cellulose. 
These materials are employed to a large extent in their natural 
condition without being altered chemically by man. Wood in 
the form of structural timber and as a fuel represents our most 
extensive use of cellulose. Some wood is treated chemieally to 
remove gummy substances; the remaining cellulose fibers con¬ 
stitute paper pulp which, upon being flowed into thin sheets and 
pressed, gives paper. 

Much natural cellulose is converted into nitrocellulose 
[C6H702(N03)3]m, gun-cotton, by a process already mentioned 
(p. 405). When nitrated to a lesser extent (mono- or di-nitro¬ 
cellulose), it may be mixed with camphor and then it gives 
celluloid or pyroxylin, a plastic that can be molded and rolled 
into almost any form. Photographic film and lacquers, also 
artificial ivory, tortoise shell, amber, leather, etc., are made of 
pyroxylin. 
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Regenerated cellulose or artificial silk, also called rayon, 
is an improvement upon nature. Natural cellulose fibers, as for 
example cotton, all lack the luster and brilliance of silk, but by 
dissolving cellulose and then reprecipitating it as a fine thread, 
an artificial silk-like fiber is produced that is actually superior 
to silk in luster and dyeing qualities. The commonest process for 
making “rayon” uses a mixture of caustic soda and carbon 
disulfide CS 2 to dissolve the cellulose. The aqueous solution, 
called “viscose,” is squirted from tiny holes into dilute sulfuric 
acid. The latter neutralizes the alkali and regenerates the cellu¬ 
lose, which, being insoluble in water, is recovered as long lustrous, 
flexible filaments. 

Starches are found chiefly in the interior of cells that consti¬ 
tute the seeds, fruit, roots, or tubers of plants. Sugars are ob¬ 
tained from the sap. Both these substances are used mainly as 
foodstuffs by animals. One result of this consumption as food is 
a further conversion of the energy that came originally from the 
sun and was stored as chemical energy in plants. Animal metabo¬ 
lism transforms some starch and sugar into complex compounds 
used in maintenance and growth of the body; the remainder is 
oxidized to carbon dioxide and water to give energy for warmth 
and locomotion (read the equation for photosynthesis backwards). 

Starches and sugars are easily transformed into two substances 
of great industrial importance: ethyl alcohol and acetic acid. The 
hydrolysis of starch to sugar can be brought about with the aid 
of either an inorganic or organic catalyst. Hydrogen ion H+ 
from an acid will serve as catalyst, or an extract of sprouting 
barley seeds may be used. In either case the catalyst is added to 
starch suspended in water and the follovung reaction takes place: 

(C6Hio05)„ -h nH^O nCcHisOc. 

starch glucose 

It will be seen that this reaction is identical with the one that 
takes place in the leaves of plants (p. 424). Once sugar is available, 
it may be converted to alcohol by fermentation in aqueous solu¬ 
tion. This is also a catalytic process. The catalyst is here an 
enzyme excreted by the microscopic cells of the yeast plant. 

CeHisOc 2 CO 2 t + 2 C 2 H 6 OH. 

glucose ethyl alcohol 

The alcohol may be concentrated by distillation. 
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Ordinary ethyl or grain alcohol is converted to acetic acid (the 
essence of vinegar) by air oxidation in the presence of a catalyzing 
enzyme excreted by the bacterium aceti: 

C 2 H 5 OH + 02^ CH 3 COOH + H 2 O. 

ethyl (air) acetic 

alcohol acid 

The pure acid may be obtained by fractional distillation. 

Oils and fats ^ are valuable plant products, being obtained, 
usually, by subjecting the seeds to high pressure, thus forcing 
the oil out. Vegetable oils serve as foods for animals and are also 
essential to the production of paints, soap, and the explosive tri¬ 
nitroglycerine. Animal fats may be substituted for those of 
plant origin for some of the above purposes, but they are almost 
always more expensive. 

Animal Products 

Animals, either wild or domesticated, furnish a large portion 
of man’s food supply. The flesh, milk, and eggs of animals are 
made up largely of proteins and fats, two essential components 
of the animal diet. Although these substances can also be ob¬ 
tained from strictly plant sources, most human beings prefer to 
get their supply partly from other animals. Proteins are complex 
compounds of carbon, nitrogen, oxygen, and hydrogen. Fats are 
compounds of carbon, hydrogen, and oxygen. Whether obtained 
from animal or plant sources, fats are all derivatives of glycerine 
C3H6(0H)3, which is in turn a derivative of propane (p. 416). 
When glycerine is combined with an organic acid having 15 or 
17 carbon atoms in its chain, a fat or oil results. Glyceryl stearate, 
the chief component of beef tallow, is an illustration; it is a com¬ 
pound of glycerine and stearic acid CnHssCOOH. In addition 
to being essential in the diet, fats and oils are used to make soap. 
By boiling them with caustic soda solution, a chemical reaction 
takes place producing soap and glycerine: 

CsHsCCnHssCOO), + 3NaOH C3H6(OH)3 + 3Na(C„H36COO). 

glyceryl stearate caustic glycerine sodium stearate 

(fat) soda (soap) 

The soap may be separated from the aqueous solution as a curd 

^ No fundamental difference exists between oils and fats. Chemically they are essen¬ 
tially the same. The oils have melting points below ordinary temperature and the fats 
above. 
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by adding common salt. Glycerine, the by-product, is in demand 
for the production of trinitroglycerine, the high explosive. 

Foods 

Three of the bulky components of our diet have already been 
mentioned: carbohydrates, proteins, and fats. If water be added, 
then more than 99% of the bulk of our food is accounted for. 
The remaining fractions of a percent are mineral matter and 
vitamins. The latter, although small in quantity, arc absolutely 
indispensable if good health is to be maintained. Of the former, 
proteins are indispensable, as are also certain fats; and while the 
body can get along on very little carbohydrate, most human 
beings derive greater pleasure and comfort from a mixed diet of 
all three components. 

The actual amount of the above food essentials that should be 
consumed daily varies somewhat with stature, disposition, sex, 
age, and occupation of the individual. One way of discovering 
the requirements is to study the food habits of many people who 
are living in a continued state of good health. Another is gradu¬ 
ally to withdraw certain components from the diet and observe 
the effect upon the individual. Still another is to measure the 
number of calories of heat developed by a human being in the 
course of a day of normal activity. The body converts the bulk 
of our food into energy, carbon dioxide, water, aiid urea. Food¬ 
stuffs may be oxidized outside of the body to the same end- 
products, and the energy thus obtained may be measured. It 
thus becomes possible to calculate how much food must be taken 
daily in order to supply the body with muscular energy and 
warmth. A man of average activity should obtain 3000 kilo¬ 
calories of energy daily from his food. In order to make up for 
loss of nitrogen in the urine and to repair the tissues of the body, 
the food should contain at least 70 g of protein. The remaining 
calories may be obtained by eating about 60 g of fat and 500 g of 
carbohydrates. In everyday equivalents this would mean a little 
over 1 pound of any sort of meat, or 10 eggs, to supply the 
protein. Usually the source of protein will have enough fat as¬ 
sociated with it to cover the requirement for the latter as well. 
In any case this requirement could be met by consuming about 
i pound of butter daily. The carbohydrate need would be met 
by eating two loaves of white bread or six pounds of potatoes. 
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The foregoing diet, or its equivalent, would supply an average of 
more than 3000 calories daily. 

Certain mineral components of the body, lost through excre¬ 
tions, must be replaced daily, viz.: about 0.7 g calcium, 1.5 g phos¬ 
phorus, 0.015 g iron. Small amounts of iodine are also essential 
to well-being. These inorganic components of the diet are con¬ 
sumed in the form of their salts, and they are usually found to a 
sufficient extent in a mixed diet. The simple diet mentioned 
above would be deficient in both calcium and phosphorus unless 
eggs were the source of the protein. Generally, vegetables (other 
than potatoes), milk, and fruits are part of the diet and they 
substitute for part of the staples mentioned above, thus assuring 
a sufficient supply of minerals. Common salt NaCl is also an 
essential animal food. Proper metabolism of proteins and fats 
cannot occur unless there is a certain minimal salt intake. This 
probably does not exceed more than a gram or two per day, 
and most people consume four or five times this amount because 
it makes other food more palatable. 

Since the turn of the century close study of the foods and food 
habits of persons with various afflictions has revealed the need 
for minute qniiotities of still other substances, vitamins, in the 
diet. The ^Uludy of diseases common to certain regions or to cer¬ 
tain occupations where particular foods were not available gave 
definite hints as to the sources of the substances the lack of which 
caused “deficiency” diseases. In mo.st cases laborious chemical 
analysis of foods that were effective in preventing these diseases 
permitted the isolation of small quantities of materials that were 
especially active as remedial agents. Further analysis has re¬ 
vealed the chemical formulas for several of these, and a number 
can now be synthesized in the laboratory. Table II lists the 
vitamins whose identity is unquestioned and also gives the com¬ 
mon foods that will supply these vitamins to the diet. Our 
knowledge and use of vitamins are being rapidly extended. Dur¬ 
ing the last decade, the original vitamin B, an extract of rice 
bran, was shown to be a complex of several; and from it have 
been isolated Bi, B 2 , P P, and Be. Five other physiologically po¬ 
tent substances, believed to be vitamins, have been extracted 
from the complex; and at least four more are being tracked down. 
Hardly a month now passes without some new discovery in the 
wonderland of vitamin B. 
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only a very small part of the whole; it operates unseen, yet if 
it falters or stops the whole mechanism does likewise. 

Most foodstuffs have been analyzed, their components deter¬ 
mined, and their calorific value is known. It consequently is 
possible to prescribe a diet which will satisfy all the known food 
requirements of the body. The latter has regulatory processes 
which permit the excretion of food materials taken in excess; 
likewise it can make up for certain deficiencies in the diet by 
synthesizing substances that are lacking; also it is conservative 
of food materials that are being received in amounts less than 
normal requirements; but in all cases there are certain minimal 
requirements that must be met or deficiency diseases develop. 
The normal, full-grown body keeps itself in a state of physiological 
equilibrium by selecting as much of food as is necessary to balance 
all losses of energy and matter; the rest is rejected. It is obvious 
that such a state can exist only if a sufficiency of the necessary 
foods is ingested to make this selection operative. 

Many private and governmental agencies have in recent years 
become deeply interested in the problem of the proper feeding 
of the individual and the nation. The significance of the matter 
is patent, particularly when one learns that extensive studies by 
the Department of Agriculture reveal that about one third of all 
American families live on poor or insufficient diets. 

Synthetic Organic Compounds of Note 

There is a common impression that chemists can analyze any¬ 
thing and determine the components both qualitatively and 
quantitatively. This is well founded and almost true. Yet a 
very large portion of their efforts is directed toward synthesizing 
substances, both those found in nature and those previously 
unknown. In this direction they have long since outdistanced 
nature, for many of the synthetic organic compounds are defi¬ 
nitely superior to their natural analogues, and, of course, many 
are inventions for which nature has no counterpart. The organic 
chemist plays an intensely interesting game of super-dominoes, 
in which he fits together his various groups: —CH 2 , —COOH, 
—OH, —CHO, —CHs, Q), etc., into a complex pattern which 

has properties that he can almost predict from the start. 

Synthetic organic chemistry, which had its inception with 
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Wohler in 1828, has advanced until, in its centennial year, 1938, 
it was a 300 million dollar industry in the United States, giving 
us synthetic foods, drugs, pharmaceuticals, gasoline, alcohol, 
rubber, dyes, explosives, plastics, and vitamins, not to mention a 
host of other substances of lesser interest to the general public. 
Several of the foregoing synthetic substances have already been 
touched upon in previous paragraphs; a few more, upon which 
work is still continuing, follow. 

Sulfanilamide and its derivatives, sulfapyridine, sulfathiazole, 
and sulfaguanidine, arc recent additions to the armamentarium 
of the physicdan. They have astounded even the medical profes¬ 
sion in their effectiveness in combatting many hitherto dangerous 
human afflictions. The first, sulfanilamide, has been known since 
1908; but its therapeutic properties were not discovered until 
1935, when it was shown to be effective against streptococcic 
infections, septicemia, erysipelas, peritonitis, scarlet fever, menin¬ 
gitis, gonorrhea, child-bed fever, and a certain type of pneumonia. 
Few if any drugs have ever held out so much promise in alleviating 
human suffering. 

Stimulated by the success of sulfanilamide, chemical and phar¬ 
macological laboratories the world over prepared and tested 
several thousand derivatives of the compound, but to date less 
than a dozen new derivatives have been found of suffleient value 
to introduce into practical therapy. One of these is sulfapyridine, 
which seems to be superior in some respects to sulfanilamide. It 
is claimed that, in addition to being useful against the above in¬ 
fections, it is also effective against all types of pneumonia. The 
former death rate in lobar pneumonia was roughly 27%. In two 
separate experiments, each involving 100 cases of lobar pneu¬ 
monia, in which sulfapyridine was used, the rate was reduced to 
8 and 4%, respectively. 

Research in the chemical treatment of disease is being pushed 
with increased energy, for it is realized that here lies a possible 
avenue of attack upon such scourges as tuberculosis, leprosy, 
poliomyelitis, and influenza. In fact, a derivative of sulfanilamide 
has been found (1939) that shows promise of at least retarding 
the growth of the tubercle bacillus. While specifics are being 
sought for particular diseases, more fundamental research is 
directed at finding the exact relation between microorganisms, 
host, and chemotherapeutic agent. If this leads to the discovery 
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of general rules, it should become possible to predict in advance 
the chemical nature of a drug that should prove effective against 
a particular type of microorganism. 

Synthetic rubber, while not a recent discovery, has been de¬ 
veloped on a large scale in this country only since 1931, when 
chloroprene ^h*ubber,^^ also called ^^Duprene'^ and ^^neoprene,^^ 
was first prepared by chemists of the Dupont company. The 
process employed, like several others for making substitute rub¬ 
ber, begins with coke and lime. These are heated in an electric 
furnace to produce calcium carbide CaC 2 ; this, in turn, when 
treated with water, yields acetylene C 2 H 2 . By a scries of steps 
the latter is converted to neoprene, a substance that has the 
elastic properties and appearance of rubber. It is, in fact, superior 
to natural rubber in many respects, being more dense, more 
resistant to chemical reagents, and less permeable to water, 
oils, and gas. Thousands of tons of neoprene and other syn¬ 
thetic rubbers are now being produ(ied annually in the United 
States. Similar industries for the production of synthetic rubber 
have developed in ( Jerrnany, Russia, and France. 

Hormones are chemical compounds found in internal glandular 
secretions of animals. They have a specific physiological action 
upon one or more of the organs of the body. These substances, 
like vitamins, are not (catalysts, even though only exceedingly 
small amounts are sufficient to keep large organs or even the 
whole body functioning properly. Just as vitamins must be 
supplied regularly from without the body in the form of food, 
so hormones must be formed continuously by the glands within 
if normal physiological functions are to continue. 

One of the outstanding achievements of organic chemists in 
the past few decades has been the synthesis of a number of these 
hormones. They are prepared either from other animal or plant 
materials or from substances obtainable from coal tar. Remark¬ 
able cures have been wrought when these hormones were admin¬ 
istered to persons suffering from diseases due to glandular defi¬ 
ciencies. An idea of the nature of these diseases can be obtained 
from the following abbreviated list of synthetic hormones and 
the physiological processes over which they exercise control. 

Th3TOxin (synthesized, 1927) is the hormone normally secreted by 
the thyroid gland; it regulates growth and activity of the body. 

Adrenalin (synthesized, 1904), normally supplied by the adrenal 
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glands, which lie above the kidney, exercises control over the sympa¬ 
thetic nervous system and helps regulate sugar metabolism in the body. 

Sex hormones (first complete synthesis, 1939), secreted by the ovaries 
and testes, ensure the proper functioning of all processes connected with 
reproduction. 

Nylon, a product of the Dupont laboratories in 1939, is the 
first truly synthetic chemical fiber ever made. Others, such as the 
rayons (regenerated cellulose) and lanital ^'woob' (regenerated 
milk protein), all begin with some complex natural compound 
connected with plant or animal life. Nylon production requires 
only coal, air, and water as raw materials. Chemically it is a 
polyamide and it is thus closely like natural silk in composition. 
The fiber is beautiful and amazingly tough. It resembles natural 
silk and may even displace the latter in time, for it is stronger 
and more elastic and can be spun into finer fibers. 

EXERCISES 

1. Octane CgHis is a common comi)oncnt of gasoline. Write a balanced equa¬ 
tion for the reaction it undergoes when mixed with air and exploded in the cylin¬ 
der of an engine. The products are steam and carbon dioxide. What weight of 
oxygen is reejuired to burn 1 liter of octane? The density of octane is 0.7 g/cc. 

2. Solar energy reaching the earth amounts to 1.31 X lO'-^^ cal annually. 
Forty-three percent of this is reflected and therefore lost. Of the remainder, the 
fraction utilized by plants and stored up as carbohydrates is 6 X lO'^*. If all the 
latter energy were available in the form of food, how many calories would it pro¬ 
vide per day for each human inhabitant? (Earth’s inhabitants = 2 X 10^) 
Compare this with the daily requirement of 3000 (^al for the average man. 

3. By diagram, or otherwise, show how the carbon and oxygen cycles are inter¬ 
related in nature. 

4. Show that plants and animals are transformers of matter and energy. 

5. By a series of equations show how starch may be transformed to acetic acid. 

6. Using the table of vitamins (p. 429), select the minimum number of foods 
that would furnish the vitamins apparently needed by human beings for growth 
and well-being. 
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chapter XXV 


Igneous Rocks and Volcanoes 


In the last few chapters we were chiefly concerned with the 
compounds prepared by man and the chemical reactions that are 
used in industry. Let us now turn our attention from man’s 
laboratories to the large inorganic laboratory of nature. In the 
preceding chapter we dealt with organic materials, in which carbon 
plays the leading role; in this one we shall consider the inorganic 
matter of the Earth’s crust, in which silicon is the most important 
element. Superficially it may appear that these two realms are 
separate and distinct, but the actual differenc^es are slight; their 
apparent separation results largely from the differences in the 
methods of investigation. These differences deserve a brief 
analysis. 

Man, in searching for a new product to fill a definite need or in 
striving to understand a certain set of phenomena, makes use of 
laboratory experiments. Not only is he able to control the condi¬ 
tions of his experiments, but generally he is permitted to observe 
every step in the process. In dealing with problems pertaining to 
the Earth, experimentation is seldom possible; this is partly ex¬ 
plained by the magnitude of the processes and partly by the fact 
that many of the changes involve enormous lengths of time. 
Furthermore, many of the Earth changes that we should like to 
investigate take place so far below the surface that we can never 
hope to observe them. Consequently, our knowledge concerning 
deep-seated proc^esses is limited to what we can infer from a study 
of the materials and structures produced by them, and this is 
possible only after long-continued erosion has removed great 
thicknesses of overlying rock. Nevertheless, we are confident that 
our inferences are correct, for we believe that matter, whether in 
a test tube or in nature’s laboratory, always obeys the same set of 
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fundamental laws; and these laws do not vary, regardless of the 
magnitude of an operation, of its rate of change, or of the place 
in the Universe where it transpires. 

Bedrock and Mantle 

The loose material that conceals the rocky framework of the 
Earth is known as the mantle. Over most of the land it forms a 
fairly continuous cover; where it is absent, rock outcrops are 
revealed. These exposures of bare rock are found on slopes that 
are too steep to retain a cover of soil and wherever erosion has 
removed the overburden of loose materials. 

The mantle accumulates in different ways; some is brought 
into place by moving water, ice, or wind, and some is derived 
directly from the bedrock upon which it rests. In either case it 
consists of fragments derived from the destruction of solid rock. 

The ro(*ks that comprise the crust of the Earth are formed in 
several ways. Some of them were once part of the mantle and 
were compacted to solid rock. Others were welded into firm rocks 
by intense heat and pressures far below the surface of the Earth. 
Both of these types are secondary rocks; they are derived from 
other rocks. Only igneous rock is to be regarded as ^‘original. 

Igneous Rock 

Igneous rocks are those which have hardened from a previously 
molten condition. The best-known examples are those formed 
during volcanic eruptions: lava pours forth from a vent in the 
ground and shortly thereafter solidifies; a more violent outburst 
hurls fragments of shattered lava into the air, and they fall to 
Earth as a shower of volcanic ash. The products of volcanoes are 
widespread in many localities, but they form only a small part of 
the total igneous rock; most of it congeals below the surface and 
can only be seen after erosion has removed the overlying rocks. 
Igneous rocks formed at the surface of the Earth are referred to 
as extrusive, in contrast to the intrusive rocks which harden 
within the crust. The liquid from which they form is known as 
magma. 

Igneous Intrusions 

The dike is the most common igneous intrusion. It is a rela¬ 
tively thin sheet of igneous rock, cutting more or less transversely 
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across the rock that encloses it (Fig. 1). Most are a few inches or 
a few feet thick, but they vary from microscopic size to bodies 
several hundred yards across. Large dikes may be traced for 
miles or even scores of miles across country, but the small ones 



A lava flow is shown at the upper left. The intrusive body at the lower right is a 
sill. Of the two dikes, one is concealed below the overlying rock, the other has been 
exposed by erosion, and since it is harder than the surrounding rock it forms a con¬ 
spicuous ridge. 


usually become thinner and disappear within a few yards. How 
far they descend toward the interior is open to question, but 
unless they are offshoots from some larger igneous body close at 
hand, they rise from a depth of many miles. Most of them owe 
their shape and their steep or vertical attitude to the fact that the 



The observer is facing north. Note that the top of the sill has been eroded to a 
more or less horizontal surface, and that the overlying sediments have been stripped 
away from all but the western part. 


magma from which they (!ongealed followed a fracture toward the 
surface. If a dike is more resistant than the rock which it cuts, 
it is left standing in relief as erosion lowers the land on either side, 
and it appears as a wall or ridge running across country. 

SiUs are similar to dikes in that they are also tabular bodies, 
but they differ in other respects. Usually they lie horizontally or 
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nearly so, and are parallel to the rocks which lie above and below. 
Magma, rising under pressure, follows paths of weakness; sills are 
formed where the magma finds it easier to wedge itself in between 
the rock layers than to break across them, hence they may be 
compared to a slice of cheese in a sandwich (Figs. 1 and 2). One 
of the best-known sills in the world outcrops along the west side 
of the Hudson River, where its eastward-facing edge is known as 
the Palisades (Fig. 2). The rock is divided into columns by large 
joints (cracks), which give the cliff the vertically lined pattern 



Fig. 3. a batholith that has been exposed by erosion 
Note the oval shape of its outcrop and its steep contact with the surrounding rock. 


responsible for its name. Since the rock breaks easily along the 
joints, they preserve the steepness of the cliff. The layered rocks 
below the sill are much less resistant and wear away to form a 
more gentle slope. 

The batholith is the largest igneous intrusion and by far the 
most important. A batholith consists of thousands of cubic miles 
of rock and may underlie areas as large as New England. In plan 
they are usually oval; in cross section they are convex upward, 
so that they become larger in depth (Fig. 3). Concerning their 
depth and the shape of the bottom we have no definite informa¬ 
tion, for none have been eroded to their floors. Batholiths are not 
exposed at the surface until vast quantities of overlying material 
have been carried away by erosion. Batholiths are the major 
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units in the architecture of continents; the foundation of every 
land mass consists either of a comphix of batholiths or else of 
rocks welded together by these great intrusions. They are of 
further importance in that eitlier directly or indirectly they 
supply man with the ores of practically all the useful metals 
except iron and aluminium. The fluids which escaipe from batho¬ 
liths or from their offshoots are sometimes charged with metallic 
compounds, and w^hen these fluids are injected into the cooler 
surrounding rock they may form veins or other ore deposits that 
are rich enough to justify mining. 

Minerals and Rocks 

At this stage it is appropriate to distinguish between rocks and 
minerals. A rock is a solid unit of the Earth's crusty of sufficient 
magnitude to form, a definite part of the architecture of the lands. In 
popular language the term is used to designate coherent and 
massive substances; technically the term rock is equally appli¬ 
cable to unconsolidated materials such as clay or sand. However, 
when it is used in this way, it is usually qualified by some adjec¬ 
tive such as ‘^unconsolidated’^ or “loose” to avoid ambiguity. 

With only a few exceptions rocks consist of minerals. A mineral 
is a naturally occurrmg^ homogeneous solid of apparent inorganic 
origin. It has a fairly definite chemical composition^ and physical 
properties that are fixed ivithin certain definite limits. The first 
part of this definition excludes all artificial substances and all 
those, such as coal or shells, which have obviously been formed 
by organisms. Certain minerals have a definite composition 
which never varies; others include elements which may be present 
in varying quantities, and this variation is reflected in differences 
of color, hardness, or some other physical property. 

Practically all minerals are crystalline, and the orderly arrange¬ 
ment (p. 211) of their ultimate particles, whether ions, atoms, or 
molecules, manifests itself in the regular geometrical shapes that 
the mineral assumes when it is free to develop without hindrance. 
In many minerals the crystallitie structure is even more con¬ 
spicuously displayed by cleavage. Cleavage is the tendency for 
the mineral to split along definite planes. Some minerals break 
readily into thin scales, all parallel to the same direction; some 
break into cubes; still others split into splintery prisms; and so on. 
Crystal shape and cleavage are two of the physical properties used 
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in the description and identification of minerals. Other impor¬ 
tant physical properties are color and density. Color is controlled 
by the chemical composition and by the presence of certain im¬ 
purities. Density varies with both the composition and spacing 
of the ultimate particles. In the most common minerals, those 
that make up the bulk of the Earth's crust, density, and color 
depend very largely upon the proportion of iron present. Min¬ 
erals with appreciable quantities of this element have high densi¬ 
ties and are fairly dark in color; those lacking iron are light in 
color and have relatively low densities. This statement must not 
be interpreted too broadly; it does not apply to all minerals, but 
it is true of the varieties described in this and the next chapter. 

Minerals of the Igneous Rocks 

Although about 1,200 distinct minerals have been described 
and named, about thirty of them make up over ninety percent of 
the Earth’s crust, and only a dozen or so are important as the 
essential constituents of the igneous rocks. The most abundant 
of these are briefly described herewith. 

Quartz, the common crystalline form of Si 02 , is a hard and usually 
colorless mineral, with a glassy appearance. It has no cleavage and 
breaks irregularly, leaving rounded surfaces with jagged edges. Its 
density ( 2.65 g/cc) is less than that of most minerals. It is an extremely 
stable compound and is highly resistant to chemical change. This, to¬ 
gether with its mechanical hardness, high melting point, and extremely 
low solubility, render it one of the most enduring minerals. For this 
reason it makes up most of the sands found on beaches and along river 
courses. Impure colored varieties of quartz, such as amethyst and car- 
nelian, are valued as semiprecious stones. Quartz is an essential ingredi¬ 
ent in many rocks and next to the feldspars is the most abundant mineral. 

The feldspars are a group of complex silicates that are of particular 
importance because they make up about sixty percent of the igneous 
rocks. All of them contain aluminium. One subgroup, orthoclase, is 
represented by the formula KAlSi.308; the other subgroup, plagioclase, 
consists of members ranging in composition from NaAlSisOg to CaAl2Si208. 
When feldspars are exposed to the attack of water and the atmosphere, 
they break down to simpler compounds, mostly clay. Although only 
slightly less hard than quartz, they possess good cleavage and hence are 
easily fractured. Their appearance varies greatly; some are colorless, 
while others are pink, white, grey, or ivory. 

The micas are another common group of minerals. The dark variety, 
biotite, is most common in igneous rock; and the colorless species, mus¬ 
covite, is more abundant in rocks of other origins. All of the micas are 



442 


PHYSICAL SCIENCE 


characterized by a cleavage in one direction that is so well developed 
that these minerals may be split into thin flexible flakes considerably 
less than a thousandth of an inch in thickness. The composition is com¬ 
plex and variable. Muscovite is approximately H2KAl8Si30i2; biotite 
contains magnesium and iron in addition. 

The amphibole and pyroxene groups are so sir^ilar in their composi¬ 
tions and physical properties that they can be treated together. Nearly 
all of them contain enough iron to make them dark-colored (green, 
brown, or black) and relatively dense (about 3 g/cc). They have two 
cleavages parallel to the length of the crystals and break down into 
splintery fragments. A generalized formula for the two groups is RSiOs, 
in which the R represents calcium, magnesium, iron, or any two, or all 
three. Besides these elements many of the minerals in these groups con¬ 
tain aluminium or sodium. 

Magnetite is a black and dense oxide of iron (Fe304). Specimens that 
are naturally magnetic are sometimes called lodestone. Magnetite 
occurs in practically all igneous rocks, but it is usually present as grains 
which are too small to be seen without magnification. When it occurs in 
sufficient quantities it is mined as an ore. 

Olivine is a green mineral that occurs as small granular crystals and 
is important in the heavy, iron-rich rocks. It is a common ingredient of 
meteorites and is believed to make up a large part of the interior of the 
Earth. Its composition is Mg2Si04, with a variable amount of the mag¬ 
nesium replaced by iron. 

Nearly all rocks are aggregates containing several different 
minerals, although a few rocks consist of only one mineral species. 
Even though two rocks contain the same minerals, it would be 
most unusual to find two with the same relative quantities, and 
even more unusual for two rocks to have precisely the same 
chemical composition. Igneous rocks are particularly diversified; 
each one is unique. 

Texture 

Igneous rocks are classified not only according to the minerals 
they contain but also according to their texture. The texture is 
determined by the size of the individual minerals. A rock is said 
to be coarse-grained if the crystals are large enough to be seen 
with the unaided eye; such a rock has a speckled appearance and 
presents rough surfaces when it is fractured. The minerals of 
fine-grained rocks are too small to be distinguished separately, so 
that the rock appears homogeneous, or nearly so. Some lavas 
cool and harden too rapidly for crystals to form; these rocks are 
glassy in both appearance and internal structure. Their atoms 
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are not arranged in regular space lattices; physically they may be 
considered as very viscous liquids, or supercooled solutions. 

The texture of a rock is influenced by several factors but prin¬ 
cipally by the rate of cooling. Should the temperature of a magma 
fall slowly, a relatively small number of crystals would form, but 
these would be permitted to attain a fairly large size. More rapid 
cooling promotes the precipitation of a large number of crystals; 
consequently few, if any, can grow to appreciable dimensions 
before they meet other crystals. The rate of cooling of an igneous 
intrusion is directly related to the size of the mass, its position 
with respect to the surface of the Earth, and the insulating effect 
of the surrounding rock. Large intrusions generally display a 
coarser texture than dikes or sills, for the same reason that a red- 
hot poker cools more slowly than an equally hot needle. Lava 
flows are either glassy or exceedingly fine-grained, because they 
are poured out on the surface of the Earth and cool rapidly. 

Granite and Basalt 

The number of possible mineral assemblages is enormous. 
Actually there are probably not more than a hundred kinds of 




Fig. 4. stbucttjbe or igneous rocks 

Granite, left, and basalt, right, as seen with a microscope. The former is magnified 
about 20 times, the latter about 50 times. The minerals indicated are: F, feldspar, 
Q, quartz, By biotite, My magnetite, F, pyroxene, and 0, olivine. 

igneous rock that possess sharp enough contrasts to be placed in 
the separate pigeon-holes of a practical classification. Of all of 
these, only two types are common; and these two together make 
up the bulk of all igneous matter. These rocks are granite and 
basalt. Granite is the common rock of the large intrusions; basalt 
occurs chiefly as lava flows, sills, and dikes. Most other igneous 
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rocks have compositions and physical properties intermediate 
between granite and basalt. 

Granite consists chiefly of feldspar (mostly orthoclase) and 
quartz. In addition a smaller amount of biotite or some other 
dark-colored silicate is usually present, and very few granites are 
free from specks of magnetite. Most granites are pink or grey, 
the color being determined by the feldspar and the amount of 
dark material present. Because of the abundance of quartz and 
the low iron content granite has a low density, about 2.7 g/cc. 
Batholiths of granite make up about nine tenths of the large land 
areas, and hence granite is often regarded as the typical ^^conti- 
nentab’ rock. Its abundance is not apparent at first glance, for in 
most places the granite is concealed not only by the loose debris 
of the mantle, but also by a veneer of sedimentary rocks. Lava 
flows and small intrusions with compositions similar to that of 
granite occur in many places, and in some regions they are abun¬ 
dant; nevertheless, they are far less common than similar forms 
composed of basalt. 

Basalt is dark and fine-grained; its feldspar has a different 
composition from that of granite and constitutes a smaller per¬ 
centage of the rock. The other constituents are pyroxene, metallic 
oxides, and sometimes olivine or amphibole. The dark color and 
high density (about 3 g/cc) of basalt result from the high iron 
content. It usually occurs as sills, lava flows, and dikes. A few 
large intrusions of basaltic composition are known, but no true 
batholiths. Most of the islands that arc found far out in the ox)en 
ocean, remote from the continents, are volcanoes of basaltic rock 
that have built themselves up from the ocean floor until their 
peaks project above the surface of the sea. 

Magma 

In order to explain the origin and structure of the igneous rocks, 
it is necessary to examine some of the properties of magma. This 
cannot be done directly, because magma within the crust cannot 
be observed. However, much evidence can be pieced together by 
studying lava and examining the rocks themselves. Magma is a 
hot viscous fluid, highly charged with volatile constituents. 
Since magma comes into existence far below the surface, it is 
confined under high pressure by the overlying rock, and it is this 
pressure that inhibits the escape of the gaseous substances. It is 
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likely that all, or at least almost all, of the ninety-two elements 
arc contained in magmas, but those listed below are by far the 
most abundant. 


Oxygen 

Silicon 

Aluminium 

Iron 

Magnesium 

Calcium 


Sodium 

Potassium 

Titanium 

Hydrogen 

Carbon 

Pliosi)liorus 


Little is known concerning the way in which these elements 
are combined in the magma, although there is definite evidence 
to show that the (carbon is present as carbon dioxide and that the 
hydrogen is combined wdth oxygen in the form of water. These 
last-mentioned compounds are only two of the easily volatilized 
substances; others are carbon monoxide, chlorine, and various 
acid anhydrides (p. 335). Apparently the ingredients are com¬ 
pletely miscible in all proportions, with the possible exception of 
sulfides which are sometimes present in relatively small quantities. 
All of the evidence indicates that the magma is to be considered 
as a mutual solution, one in which the different melted substances 
are dissolved in each other. Unlike the aqueous solutions with 
which we are more familiar and in which we usually designate 
water as the solvent, no one substance in the magma should be 
described as the solvent with the others as solutes; all are at the 
same time playing both these parts. 

There is no method by which the viscosity of magma within 
the Earth can be measured, but considerable indirect information 
on this point is presented by the lavas. Basaltic lava is a relatively 
thin liquid that flows freely, so that under favorable conditions 
it may descend a steep slope with a velocity of several miles per 
hour.^ Lavas of granitic composition are pasty, or dough-like, 
and have a tendency to pile up rather than flow. Viscosity of 
lavas seems to decrease with increase in temperature, volatile 
matter, and iron, and to increase with the silicon content. 

The origin of magma is obscure. From the evidence of deep 
mines and bore holes it is known that temperature increases with 
depth, but the rate of increase varies from place to place. Even 

^ It is recorded by T. G. Bonney that in June, 1877, lava poured down the slope of 
Mt. Cotopaxi in Ecuador with a maximum speed of 50 miles per hour and continued for a 
distance of 150 miles at a mean rate of 17 miles per hour. 
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if the heat increment were uniform all over the world, it would 
not be safe to project this rate far beyond the thin rind where ob¬ 
servations are possible. Nevertheless, from several lines of reason¬ 
ing we are assured that the temperatures encountered below a 
depth of from 20 to 40 miles would be quite sufficient to melt 
rocks provided they were under no considerable pressure. Ordi¬ 
nary solid substances expand upon melting; if they are prevented 
from expanding by high pressures, melting cannot take place, 
except at higher temperatures. A view which seems reasonable, 
even though it may be disproved when these matters are better 
understood, is that all of the crust below a depth of a few tens of 
miles is potentially molten, and magmas are formed only when 
some rearrangement of the crust occurs so as to relieve the pres¬ 
sure. If the interior is in a fluid state, as some have postulated, it 
possesses sufficient rigidity to transmit certain vibrations (p. 479) 
which cannot pass through ordinary liquids at the surface of the 
Earth. 

Investigations at Harvard are currently yielding much informa¬ 
tion on the behavior of matter under enormously high pressures; 
pressures that are equivalent to depths of many miles below the 
surface of the Earth. An extended series of experiments, under¬ 
taken at the Carnegie Institute at Washington, continues to 
provide data on the crystallization of minerals. These research 
programs, as well as others, are constantly adding to our under¬ 
standing of Earth processes and the origin of rocks. 

Magmas rise towards the surface because they are forced up 
by the pressure of the overlying rock, although their ascent may 
be accomplished in different ways. In their upward journey heat 
is lost through conduction, but the process is slow because rocks 
of all kinds are effective insulators. Cooling increases viscosity 
so that most magmas never reach the surface. Practically all 
volcanoes and lava flows are associated with fractures or other 
weaknesses that have guided the magma in its successful ascent. 

Crystallization 

When magmas become sufficiently cool, minerals begin to 
crystallize; but the order in which they form is not necessarily 
the order of descending melting points. A mineral may crystallize 
earlier than other varieties which have higher melting points. 
This apparent anomaly is explained by the fact that minerals 
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crystallize when the magma has become supersaturated (p. 318) 
with respect to them. A cooling magma may become super¬ 
saturated with one component before it is saturated with others 
which may have higher melting points. Hence the temperature 
at which a mineral forms is not the temperature at which a pure 
melt of the substance would freeze. 

The crystals which first start to grow may be free to develop 
crystal forms; the later ones are forced to conform to the space 
that is left for them. In this way the entire mass becomes solid, 
and the minerals display the interlocked habit shown in Fig. 4. 
The close interweaving of their minerals renders the igneous 
rocks particularly tough and resistant to disintegration. 

During the solidification of magma within the Earth, only a 
small portion of the volatile (ionstituents enters into the composi¬ 
tion of the ordinary rock minerals. Consequently the gases are 
steadily being forced into a more and more confined space between 
the growing crystals and in the central portion of the magma. 
Often large quantities escape through cracks in the confining 
igneous rock and force their way into the adjacent rocks. Simi¬ 
larly, liquid portions of the magma, carrying various minerals in 
solution, may escape and then precipitate the minerals in the 
form of veins, or as irregular scattered patches. Quartz veins 
may be formed in such a fashion, and they often indicate the 
presence of an igneous body below. In many regions the veins 
carry ore minerals and other useful substances in sufficient 
quantities for mining. 

Joints 

While igneous rock is solidifying and for long after it has become 
hard, the cooling is attended by a decrease in volume, and the 
shrinkage causes the rocks to crack. These fractures are known 
as joints.In large igneous bodies, such as batholiths, the joints 
are roughly parallel to the contact with the adjacent rock and so 
break the intrusion into a series of irregular sheets. Near the 
outer margin they are relatively close together; farther down 
they become widely spaced. Quite frequently the joints seem to 
be arranged in a haphazard manner that divides the intrusion 
into blocks of different shapes and sizes. 

' * Practically all solid rocks are cut by joints; those discussed in this paragraph result 
from the cooling of igneous bodies. 
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A striking, uniform pattern known as columnar jointing is 
often displayed by tabular bodies such as sills, dikes, and lava 
flows (Fig. 5). The rock is divided into columns by joints which 
are arranged at right angles to the surfac^es that are in contact 
with other rocks, or in the case of lava flows, the upper and lower 
surfa(!es. Usually the columns, although prismatic in form and 
parallel to each other, vary in thickness and in the number of 
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Fig. 5. columnar jointing 

Six-sided columns lire sliown iit right. 
Abov(‘, the cooling centers, marked by 
crosses, are spaced at equal distances. 
The directions of stretching are indi¬ 
cated by broken lines, and the joints by 
solid lines. 



sides. In rare instances the columns are not only approximately 
equal in thickness, but each one is a regular six-sided prism with 
the same shape as a hexagonal pencil. The reason for this arrange¬ 
ment is not altogether clear, but it is assumed to take place when 
the rate of cooling at the contact is uniform over the entire surface. 
Under these circumstances it is supposed that centers of (tooling 
are spaced at equal intervals on the contacts of flat surfaces of 
the rock. As the rock contracts, tensional stresses (stretching) 
are set up between adjacent cooling centers, and these are relieved 
by the cracking of the rock. Since each center is surrounded by 
six others, the center will occupy a position in the middle of a 
hexagon. 

Volcanoes 

In places where the Earth’s crust has been weakened by recent 
movements, and especially where there are many deep fractures, 
magma can sometimes force its way to the surface and give rise 
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to volcanic eruptions. The distribution of active and recently 
extinct volcanoes is indicated on the accompanying map. 

Some eruptions are violent and explosive; others consist of a 
quiet outpouring of lava; but the majority lie somewhere between 
the two extremes. The type of eruption depends very largely 
upon the viscosity of the magma and the amount of gas that is 
present. Eruptions of the quiet type nearly always yield basaltic 
lava. If it is sufficiently fluid it may flow for miles before it solidi¬ 
fies, and, unlike more viscous liquids, it can spread out widely 
on level ground. Many parts of the Earth\s surface have been 
drowned beneath a succession of such flows so that the original 
topography is completely hidden. In a few localities the lavas 
are piled up over a mile deep. The more extensive flows seem to 
well up from long fractures rather than from a single volcanic 
vent. Cones that are built by fluid lavas have more gentle sides 
than the volcanic peaks that result from pasty lava and explosive 
eruptions. As a lava flow advances, the upper and outer portions 
are the first to congeal, but the crust so formed is soon ruptured 
by the movement of the fluid portion underneath; consequently 
the broken pieces are pulled out of position and tend to founder, 
but are carried onward by the flow. This explains why the surface 
of lava is usually rough and jagged. 

The explosions which characterize violent eruptions are caused 
by the sudden release of vol(*anic gases. Magma, working its way 
toward the surface of the Earth, may eventually rise to a position 
where the overlying rocks are either too thin or too weak to over¬ 
come the pressure of the volatile substances. The escape of the 
gases is sudden, and may be compared to the opening of a warm 
bottle of some carbonated beverage. The rock immediately above 
the magma is shattered, and much of it is hurled into the air. 
This is accompanied by a blast of highly heated gases mingled 
with globules of the magma itself. Much of the material thus 
blown out falls to the ground as volcanic ash or as more finely 
divided dust. Explosive eruptions are usually associated with 
viscous magmas that are highly charged with gases. Such magmas 
are granitic rather than basaltic in composition. 

Pumice is a rather remarkable product of igneous extrusion. 
It is a rock froth, a glassy substance so filled with holes that it 
resembles a sponge. The cavities or bubbles are formed by gas 
that has been released from solution by the reduction of pressure. 




450 


Fig. 6. regions of weakness in the earth’s crust 

The stippled areas are those where volcanoes and earthquakes are most common. While the two sets of phenomena do not cover pre¬ 
cisely the same ground, they coincide to a remarkable degree. 
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Volcanic cones that are built largely of solid ejectamenta are 
steep-sided and quite often symmetrical. The steep slopes are 
maintained because the fragments of volcanic ash are irregular 
in shape and have rough surfaces; hence, they tend to cling to¬ 
gether rather than roll down hill. Coarser fragments fall near the 
vent and pile up; the smaller and lighter ones may be blown to a 
greater distance. Each succeeding explosion blows out a fresh 
supply of fragments, which adds a new layer on top of the one 
previously formed. Thus a volcano of this type consists of a 
series of beds piled one upon another and all dipping steeply 



fluid lava flows. Between the two there is a volcanic neck, the remains of the core 
of a volcano. 

away. Most volcanoes have a composite structure, consisting of 
both layers of fragments and lava flows. This mixed type is 
common among volcanoes that have been built by a succession 
of eruptions taking place at long enough intervals so that the rock 
in the neck of the volcano has had time to harden. The plug of 
igneous material resists erosion much better than the rest of the 
cone, and in many places the sites of long-extinct volcanoes may 
be recognized by these round or oval volcanic necks long after 
the rest of the structure has been swept away by erosion (Fig. 7). 
If volcanism is suspended for long, the central plug becomes 
solid and later eruptions cannot take place until enough gas 
pressure accumulates to overcome the resistance of the overlying 
rock. The new eruptions may appear on the flanks of the old 
volcano, if the sides offer an easier path of escape. Occasionally 
the plug is thrust bodily upward above the crater. 

There is no way to determine with certainty whether an in¬ 
active volcano is extinct or merely dormant. Some renew their 
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activity after centuries of quiet; others break out spasmodically; 
while many which are recent enough to show no signs of appre¬ 
ciable erosion have not erupted in the memory of man. Vesuvius, 
probably the best-known volcano of all, had not been known to 
erupt through the centuries of Greek and Roman occupation of 
southern Italy. However, in 79 a.d. it suddenly became active 
and buried the city of Pompeii beneath a thick deposit of ash; 
since then it has erupted several times, and it is moderately active 
at present. 


Conclusion 


In all the domain of igneous geology, the magma is of para¬ 
mount importance. The character of the magma determines the 
type of rock that will be formed and influences its shape and 
internal structure. Most of our ore deposits have been formed 


THE TWO COMMON MAGMAS 


Physical properties 


Basaltic Magma 
Less viscous 
Higher density 
Relatively poor 
in volatiles 


Granitic Magma 
More viscous 
Lower density 
Rich in volatiles 


Composition 


Minerals produced 


Common rocks formed 


Rich in iron, mag¬ 
nesium, and cal¬ 
cium 

Feldspar (mostly 
plagioclase) 
Pyroxene 
Olivine 

Basalt and asso¬ 
ciated types 


Rich in silicon, so¬ 
dium, and po¬ 
tassium 

Feldspar (mostly 
orthoclase) 
Quartz 
Mica 

Granite and asso¬ 
ciated types 


Properties of rock 


Dark color Light color 

High density Low density 


Common mode of occurrence Flows 

Sills 
, Dikes 


Batholiths and ir¬ 
regular intru¬ 
sions. ]^ikes, 
few flow^s 


Surface effects 


Quiet eruptions 
Extensive flows 
Low broad cones 


Explosive erup¬ 
tions 

Steep volcanoes 
mostly of vol¬ 
canic ash 
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through the activity of magma, and magma (jontrols volcanic 
activity. In this chapter, references to basaltic and granitic 
magma have been frequent; in the table that follows, some of 
their chief differences are summarized together with a few of 
their effects. It should be borne in mind that while these two 
magmas are the most common there are many other types. 
Furthermore, a table of this sort necessarily generalizes and 
cannot take into account the exceptions which are prevalent in 
any process that is controlled by a large number of variables. 

EXERCISES 

1. List tlic more conspicuous rock outcrops in the vicinity of your city. 
Ex})lain why they are exposed. 

2. Why are the flanks of a cinder cone relatively free from streams? How are 
these cones drained? 

3. Measure the dimensions of the Sierra Nevada batholith as it appears on a 
geologic maj). If it descends to a depth of 20 miles, what would its volume be? 

4. Would a thick sill be expected to have a uniform texture throughout? 
Ex])lain. 

5. Why does magma, a liquid, tend to rise toward the surface of the Earth 
rather than to sink toward the center? 

0. Could a sill be distinguished from a buried lava flow? How? 

7. What is meant by the ‘^crater’^ of a volcano? How are craters formed? 

SUGGESTED TOPICS FOR FURTHER STUDY 

Crystal form and cleavage Geysers, fumaroles, and hot springs 

Quartz, its properties and uses The history of Vesuvius 

Gems and semiprecious stones Recent volcanic eruptions 
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Chapter XXVI 


Weathering and Sedimentary Rocks 


Now that we have considered the composition and origin of 
the igneous rocks, we may turn to the processes by which these 
and other rocks are changed at and near the surface of the Earth. 
The surface processes involve changes that occur at tempera¬ 
tures and pressures that fall within the range of our ordinary 
observation, and hence they are better understood than igneous 
phenomena. 

Rocks exposed to the atmosphere rarely have fresh, unaltered 
surfaces; they nearly all show signs of chemical dec^ay and mechan¬ 
ical disintegration. If we wish to secure a fresh sample, or to 
examine a clean surface, it is necessary to break the rock open. 

The destruction of rocks by the atmosphere illustrates a prin¬ 
ciple of great importance: that rocks are stable only under the 
conditions which produce them. Any change in the environment is 
followed b}^ changes within the rock. Both rocks and their en¬ 
vironment change slowly, and it is doubtful if equilibrium is ever 
completely attained between a rock and its surroundings. For 
instance, granite crystallizes at great depths, at high tempera¬ 
tures, and under enormous pressure—conditions vastly different 
from those prevailing on the surface of the Earth. When it is 
uncovered by erosion and exposed to the attack of the atmosphere, 
it is slowly broken down to a mixture of clay and sand, substances 
that are stable at surface conditions. Similarly, if the sand and 
clay are buried, they are compacted or reorganized to form solid 
rock. 

Weathering 

The destructive alteration of rocks and minerals by exposure to 
the air is called weathering. This term is not to be confused with 
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erosion, which signifies the cutting away of rock through the 
agency of moving water, ice, or air. Weathering processes are 
simple when considered separately; but the resulting products are 
complex, because they are usually formed by different processes 
operating simultaneously in a mutually helpful way. 

The mechanical breaking up of rocks and minerals is called 
disintegration, in contrast to the chemical decay, which is known 
as decomposition. Both of these processes are greatly facilitated 
by the openings which are always present in rocks. These open¬ 
ings may be of almost any size, from visible cavities and cracks 
to tiny holes and fractures that can only be seen with the micro¬ 
scope. Their importance is twofold; they permit the entrance of 
air and water, and they themselves constitute a weakness within 
the rock. 

Decomposition 

Chemical weathering is accomplished largely by water, oxygen, 
and carbon dioxide. Under the conditions that prevail in the 
laboratory, water is not usually regarded as a particularly active 
agent of destruction; but all surface waters, including rain, con¬ 
tain enough carbon dioxide to make them slightly acid. Although 
carbonic acid H2CO3 (p. 330) is relatively weak; nevertheless, it 
decomposes many minerals if its attack is long continued. In 
soaking through the soil, water acquires other acids, formed dim¬ 
ing the decay of organic matter. Water is thus important because 
it acts as a vehicle for and facilitates the chemical reactions that 
constitute weathering. Humid regions favor decomposition be¬ 
cause of the plentiful supply of water and because of the acid 
contributed by decaying vegetation. The oxidation of minerals 
is similar to rusting, and its effects are most conspicuous in the 
breaking down of minerals that contain iron. In the presence of 
sufficient water, hydroxides and hydrates are formed. The com¬ 
mon products of chemical weathering are oxides, hydroxides, 
carbonates, and hydrates; the most abundant are briefly described 
below. 

Hematite is the red (ferric) oxide of iron Fe 203 . It is formed by 
the breaking down of iron-bearing minerals wherever strongly 
oxidizing conditions prevail. When moisture is abundant, limonite 
is formed rather than hematite. Limonite is a general term that 
includes several hydrated forms of ferric oxide, and its formula 
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can be expressed Fe 203 ,xH 20 . Limonite has an earthy appear¬ 
ance and its color is that of rust; however, it varies enough to 
include dark shades of red-brown, and pale buff colors. Limonite 
gives most soil its brownish color and coats cliffs and other out¬ 
crops with a thin veneer of rusty grey. 

The most abundant weathering product of all is clay, a mixture 
that usually contains an assemblage of finely divided minerals to 
which the group name of kaolin is applied. The different clay 
minerals vary in composition, but they are all hydrated silicates 
of aluminium. The most common variety may be indicated by 
the formula H 4 Al 2 Si 209 . Most clay is derived from the feld¬ 
spars, but it can be formed from any silicate mineral containing 
aluminium. 

Of the many carbonate compounds formed by weathering, the 
most common is calcite CaCOs. Crystals of this substance are 
characterized by three cleavages, so arranged that the cleavage 
fragments take the form of the rhombohedron, a solid bounded 
by three pairs of parallel planes that meet at oblique angles. 
Calcite is relatively soft and, when pure, is colorless or white. 
It is of importance as the essential ingredient of the limestones 
and marbles that will be discussed on later pages. When it occurs 
as a weathering product, it seldom takes the form of recognizable 
crystals but is mixed with other minerals. 

In a general way, the minerals that are most susceptible to 
weathering are those that contain iron and those that have com¬ 
plex compositions. When silicate minerals are decomposed, sev¬ 
eral different products may be formed, as, for instance, in the 
weathering of orthoclase feldspar. The reaction is represented 
approximately by the following equation: 

2 KAlSi 308 -1- 3 H 2 O -t- 2 CO 2 ^ H 4 Al 2 Si 209 -b 2 KHCO 3 + 4Si02. 

In this reaction the potassium bicarbonate goes into solution, 
and the silicon dioxide passes into colloidal suspension (p. 325). 
The solvent action of water charged with carbon dioxide is rep¬ 
resented by another typical example (p. 323): 

CaC03 + H 2 O + CO 2 -> Ca(HC03)2. 

The slightly soluble calcite is changed to the more soluble calcium 
bicarbonate. Calcite is one of the more soluble of the common 
minerals, but even highly insoluble substances such as quartz 
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are carried away in solution, providing there is sufficient time 
for the process to take place. 

Although some material is removed in solution as the result of 
chemical weathering, its amount is generally less than that of the 
material added through the processes of hydration, oxidation, and 
carbonation. Consequently chemical weathering of rocks is often 
attended by a considerable increase in both mass and volume. 

Disintegration 

Mechanical weathering occurs wherever rock is exposed to the 
atmosphere, but it is particularly effective where water is being 
alternately frozen and melted. When water freezes within a 
crevice, the expansion exerts a strong force against the sides of 
the opening, and the fracture is enlarged. With each subsequent 
freeze the process continues until the rock is broken in two. This 
type of weathering is particularly marked in cliffs of jointed rock, 
but since it involves the freezing of water it is restricted to cold 
and temperate regions and to the mountain tops of the warmer 
lands. 

Rocks may be broken in a somewhat similar fashion through 
the growth of vegetation; if a plant gains a foothold in a crack, 
the growth of its roots may ultimately split the rock apart. 

Probably the most widespread disintegration is that which 
results from decomposition; chemical weathering is largely con¬ 
centrated at the surface and consequently the rock becomes 
coated with a thin layer of altered minerals. 8ince there is an 
increase in volume during weathering, this rind fits the unaltered 
core somewhat loosely and tends to break off in curved spalls. 
This process is greatly facilitated by the expansion and contrac¬ 
tion that result from the daily range of temperature. Since rocks 
are poor heat conductors, the alternating volume change is re¬ 
stricted to the thin outer layer of altered rock, and the relatively 
fresh minerals below are unaffected. Thus the weathered rind 
tends to shrink and expand and finally becomes loose enough to 
fall or crumble away. 

Differential Weathering 

All rocks are affected by weathering; their susceptibility de¬ 
pends partly on the climate to which they are exposed and partly 
upon their physical and chemical characteristics. A moist en- 



458 


PHYSICAL SCIENCE 


vironment facilitates decomposition; a region with sharp temper¬ 
ature variations favors disintegration. Minerals rich in iron, 
notably olivine and pyroxene, are readily oxidized, so that the 
rocks containing them are characteristically coated with limonite. 
Rocks that consist solely of quartz are the most resistant of all. 
In general the complex compounds are less stable than the min¬ 
erals. with simple compositions. Coarse-textured rocks tend to 
crumble more readily than those consisting of small particles. 
.These differences in resistance are reflected in the topography in 
many ways; if several rocks are exposed in the same cliff, the 
more susceptible units weather to gentle slopes and may form 
notches in the cliff, whereas the outcrops of the stronger rocks 
display steep slopes and bold ledges. A rock that succumbs read¬ 
ily in one environment may be durable under different conditions. 
This is well exemplified by limestone (p. 4(54). In a humid region 
limestones tend to dissolve, and their surface distribution is 
marked by valleys; in an arid climate a limestone may resist 
weathering more effectively than the surrounding rocks and so 
give rise to ridges and hills. 

Soil 

Of all earth substances at the service of man, tillable soil is 
the most important; and all soils, either directly or indirectly, 
are formed by weathering. Soils are mixtures of sand, clay, and 
partially decayed organic matter, with or without larger frag¬ 
ments of rocks and minerals. Soil owes to clay and organic col¬ 
loids its plasticity and ability to hold water. In the northern 
latitudes of this continent and Europe, most soils are transported, 
that is to say, they have been brought to their present position 
by a moving medium, either ice or water. A third type of trans¬ 
ported soil, consisting of wind-deposited particles, is less common. 

Residual Soil 

Most of the face of the Earth is covered by soil that has been 
formed by weathering of the rock that lies immediately below. 
This type is known as residual soil. If we dig down vertically 
in an area where weathering has continued for a long time, we 
pass gradually from the more or less fertile topsoil to the un¬ 
modified rock below, from maturely weathered material to firm 
fresh rock (Fig. 1). Topsoil is a complex mixture containing clay, 
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fragments of the more resistant minerals (such as quartz), and 
small, incompletely weathered rock fragments, together with 
humus. Humus is the black, partially 


decayed organic matter that gives many 
soils their dark color. Below the topsoil 
the hmnus disappears, the clay content 
becomes smaller, and the rock fragments 
are larger, more numerous, and less al¬ 
tered. At a greater depth, rock occurs in 
larger pieces, and these are weathered 
only on the surface. Still lower, the solid 
rock is in place, and alteration is con¬ 
fined to the joint planes. 

Transported and residual soils are 
readily distinguished in the field. Re¬ 
sidual soil passes downward into rock, 
gradually and without sharp changes; its 
rock fragments do not show the rounded 
shapes characteristic of transport by wind 
or water, and they have the same com¬ 
position as the rock immediately below. 
Except for the unstratified glacial de¬ 
posits, transported soils usually occur in 
distinct layers. Their contact with the 
material upon which they rest is sharp 
and shows no gradations. Their pebbles 
and sand grains exhibit rounding and usu¬ 
ally are composed of materials different 
from the rock on which they rest, if 



P'lG. 1. RESIDUAL SOIL 
The section indicates the 


transported materials are exposed to 
weathering and are undisturbed, they 
will gradually acquire the characteristics 
of residual soil. 


gradual upward transition 
from ro(;k that is weathered 
only along the joints to a 
residual soil in which the 
rock fragments have been 
completely destroyed. 


Soil Types 

Soil that consists principally of sand is of little value, for it not 
only permits water to escape too readily but it is deficient in the 
mineral substances that are required for plant growth. Clay 
soils may contain the needed inorganic compounds; but they are 
difficult to work in dry weather, for the sun bakes the surface 
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to form a hard impervious crust. Furthermore, in time of heavy 
rain they retain too much moisture and become water-soaked. 
Loam, a mixture of sand and clay, has the most satisfactory 
texture. 

Apart from soluble nitrogenous compounds (p. 403), prac¬ 
tically all crops require phosphates (phosphorus), lime (calcium), 
and potash (potassium). Rocks that are deficient in these ele¬ 
ments form barren soils; and even when the elements are present 
in abundance in the unweathered rock, they may not exist in 
sufficient quantities in the soil, for some of their compounds are 
relatively soluble and may be carried away by percolating ground 
water. 


Effect of Topography on Weathering 

Mechanical weathering proceeds at its fastest rate on .slopes 
that are too steep to maintain a cover of soil. When rocks or 



minerals are loosened from their parent mass, they roll or fall 
away and so expose a new .surface to the atmosphere. This ex¬ 
plains why the bases of most cliffs are concealed beneath a de¬ 
posit of loose angular waste called talus (Fig. 2). The surface 
of this deposit, the talus slope, is usually steep. Its slope depends 
largely upon the shape of the fragments; angular blocks and 
those with flat surfaces can be piled to a steeper angle than can 
rounded fragments. In arid regions where the rock fragments are 
not bound together by soil or plant roots, the talus slope is loose 
and unstable, so that the addition or even displacement of a 
single large fragment is often sufficient to set the whole surface 
in motion, sliding toward the base. 

On gentle slopes and level ground, weathering products may 
accumulate to a great thickness. The soil cover protects the 
rock beneath from temperature changes and from the direct 
attack of the atmosphere, and as the soil becomes thicker the 
weathering of the rock is retarded. 
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Sedimentary Rocks 

The accumulated products of rock destruction are included in 
the term sedimentary. Talus and most soils are residual sedi¬ 
mentary deposits, but nearly all other sediments have arrived at 
their present position after being transported by moving bodies 
of water, ice, or wind. All of them have been derived from pre¬ 
existing rocks; most are deposited as individual parti(;les; others 
are precipitated from solution. 

Deposition from moving air or water is generally a selective 
process; material is dropped whenever and wherever the (*urrent 
becomes too feeble to keep the particles moving. If conditions 
arc such that a current slackens gradually, the larger particles 
will be deposited first, and these will be followed by gi-ains of 
successively smaller sizes. Thus a given layer of sand might vary 
from a (‘.oarse to a fine texture, from bottom to top. A similar 
variation in texture might also be found with the coarse material 
grading horizontally into the finer sizes. This condition prevails 
where the transporting medium becomes weaker as it moves 
farther away from its source, as in a river with a markedly con¬ 
cave longitudinal profile. Some sedimentary deposits, such as 
till (p. 271), are completely unassorted; the deposition is hap¬ 
hazard because it is not controlled by the velocdty of the trans¬ 
porting medium. A sudden decrease in velocdty tends to produce 
deposits with variable texture; for instance, a young and vigorous 
stream may carry a mixed load of pebbles, sand, and clay. When 
such a stream enters a lake and the current is checked, the pebbles 
and sand may be dropped indiscriminately; and only the clay is 
carried forward. Many alluvial fans (p. 257) owe their heter¬ 
ogeneous composition to a similar origin. 

From the various textures occurring within a series of sedi¬ 
mentary rocks, it is often practicable to interpret the conditions 
that prevailed during the deposition and to trace the sequence of 
changes which they represent. 

Stratification 

Sedimentary rocks deposited by air or water occur in layers 
and so are often referred to as stratified rocks (the terms layer, 
stratumy and bed ar^ synonymous). Each stratum is separated 
from the adjacent ones, above and below, by a bedding plane or 
stratification plane (Fig. 1, p. 492). These terms are used to 
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designate the upper and lower surfaces of individual beds; they 
have no material existence. Stratification planes not only sep¬ 
arate materials of different kinds, as adjacent layers of sand and 
gravel, but they also occur in rock of the same type, separating 
beds of different composition, color, or texture. Stratification in 
uniform rock denotes interrupted deposition; continued deposi¬ 
tion of similar material would result in a thick massive layer of 
homogeneous unstratified rock. Any bed is younger than the 
one below, upon which it rests, and older than the one that lies 
immediately above. This is often called the Law of Superposition, 
that is, in a series of sedimentary beds the oldest lies at the bottom, 
and the strata are progressively younger toward the top. The most 
common sedimentary rocks are shale, sandstone, conglomerate, 
and limestone. Of these, the last is formed by chemical processes; 
the other three are accumulations of fragments derived from the 
destruction of pre-existing rocks. 

Sandstones and Conglomerate 

Sandstone, as its name implies, is made up of sand-size particles 
that have been compacted to form a more or less firm rock. 
Conglomerate is similar except that it consists largely of pebbles. 
Any possible mixture or gradation between the two may occur. 
As a general rule, sandstones consist largely of grains of quartz, 
with a smaller amount of other resistant minerals. Similarly, 
the pebbles in conglomerate include quartz together with frag¬ 
ments of the harder rocks. Soft materials cannot withstand the 
abrasion that takes place in a stream swift enough to transport 
gravel or sand; much less can they survive the pounding of 
waves upon a beach. Consequently the less resistant substances 
are reduced to smaller sizes or else are removed through chemical 
action. The fragments in both sandstones and conglomerates 
display varying degrees of roimding. If the grains and pebbles 
retain sharp angles and rough surfaces, it can be assumed that 
they were not transported for a long distance before being de¬ 
posited. A vigorous current is required to carry coarse materials, 
and this implies active abrasion. On the other hand, the presence 
of well-rounded particles does not necessarily mean that the 
fragments were carried far by the medium from which they were 
deposited; for a river may receive its sand grains or pebbles from 
formations consisting of these materials, and they may have ac- 
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quired their shapes at a much earlier time, long before the present 
cycle of erosion. 

Sand and gravel are compacted to form sandstone and con¬ 
glomerate by the deposition of mineral matter in the open spaces 
between the individual grains and pebbles. As water seeps through 
the upper part of the Earth, it gradually dissolves some of the 
minerals; at lower levels a change in conditions frequently brings 
about precipitation of the dissolved material. Since both sands 
and gravels are porous, they serve as channels for the passage 
of underground water and so may receive whatever substances 
are being precipitated. The most common cements are hematite, 
limonite, calcite, and quartz; and it is to one or another of these 
minerals that sandstone and conglomerate owe their colors. A 
quartz sand or gravel, cemented by reasonably pure calcite or 
quartz, is white. Limonite gives the rock a buff or brown shade, 
while hematite cement imparts a red or chocolate color. “Brown- 
stone,” which was extensively used as a building material until 
recent years, is a dark sandstone with a hematite cement. 

The most durable of all rocks is quartzite, a rock consisting of 
quartz grains bound together by quartz. When this rock is 
broken, it presents smooth fracture surfaces, for the break passes 
through the grains and cementing medium impartially, as they 
are of equal hardness and have no cleavage. Because of its re¬ 
sistance to abrasion and chemical attack, quartzite commonly 
occurs as prominent ridges; and quartzite pebbles are numerous 
m many, if not in most, gravel deposits. 

Sand and gravel are used most widely for road beds and for 
mixing with cement to form concrete. Sandstones that have a 
pleasing appearance and can be worked economically are used 
as building stone. Pure quartz sands are in demand in glass 
manufacture (p. 391). ' 

Shale 

Shale is a rock consisting of indurated clay; and just as clay 
is the most abundant weathering product, so is shale the most 
conxmon sedimentary rock. Pure clay is white or light grey; but 
most shales contain enough carbonaceous matter to be dark 
grey or almost black, while those with sufficient ferric oxide are 
colored red or brown. 

The hardening of clay to form shales is generally the result of 
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simple compaction. If other sediments are deposited on top, 
water is squeezed from the clay, the fine particles are forced 
closer together, and the rock becomes dry and coherent. The 
process is aided by the “setting” of the clay colloids, in a manner 
analogous to the hardening of glue. 

Limestone 

Limestone is a fine-grained rock that consists essentially of 
calcite. When pure it is white; otherwise it takes the color of 
whatever impurity happens to be mixed with it. 

Nearly all limestones are deposited in shallow sea water, but 
they may originate in many different ways. Some limestones 
consist almost entirely of shells and other structures secreted by 
plants and animals; others, such as chalk, represent the accumula¬ 
tion of the hard parts of countless microscopic marine organisms. 
Some limestone is precipitated by inorganic reactions that take 
place in sea water. 

Limestone is used for many different purposes. Certain varieties 
are valuable as a building material; pure limestone is important 
in the chemical industries as a source of other calcium compounds, 
and other limestones are employed in the manufacture of cement. 

Other Sedimentary Rocks 

The rocks just described constitute nearly all of the sedimentary 
material commonly encountered. Coal, g3q)stun, and salt are also 
deposited by sedimentary processes; and although their quantity 
is relatively small, their importance is great. 

Coal is a material with a long and somewhat complex history. 
The first stage requires a swampy region where the climate per¬ 
mits abundant vegetation. As plants die and fall into the water, 
they are attacked by bacteria and begin to decompose. Decompo¬ 
sition is arrested when the acud by-products of decay become 
sufficiently concentrated to destroy the bacteria. These same 
acids serve to preserve the partially rotted vegetable tissue, and 
the resulting product is termed peat. Peat is a fibrous, porous, 
brown substance that contains too much water to be a valuable 
fuel. However, if the peat deposit is buried below succeeding 
sediments, the pressure, in time, forces out much of the water 
and a large quantity of combined gases, and the peat is gradually 
transformed to coal. 



WEATHERING AND SEDIMENTARY ROCKS 


465 


Salt and gypsum are formed by evaporation of waters that 
contain these ingredients. The water may be a shallow arm of 
the ocean that has been in some way isolated from the open sea, 
or it may be a salt lake within the desert. In either case the 
crystallization of these materials calls for an arid climate, so 
that evaporation may continue until the waters become too con¬ 
centrated to retain their salts. Since salt is by far the more 
soluble of the two, it precipitates later; hence it frequently occurs 
as a layer, resting upon a bed of gypsum. 

Fossils 

In addition to stratification there are many other structures in 
sedimentary rocks that are of value in interpreting the past; and 
of these, fossils are by far the most useful. A fossil can be broadly 
defined as any direct evidence of former life found within the rocks. 
It may be a complete skeleton, or a shell, a single bone or tooth, 
a footprint, or a leaf impression. The stone implements of ancient 
man and the trails left by burrowing animals are fossils. 

Almost all fossils consist of hard structures such as bones, 
teeth, and shells; but under exceptional circumstances the soft 
tissue may be preserved. In northern Siberia several mammoths 
have been exhumed from a mixture of i(e and frozen soil. They 
are members of a race that has long been extinct, but their flesh 
has remained in a fair state of preservation since the Pleistocene 
epoch. 

Fossils, especially those of shell-bearing animals, may maintain 
their original composition; but most have suffered any one of a 
number of changes. The original material may have been com¬ 
pletely dissolved away, leaving a cavity in the roc;k which pre¬ 
serves the outward form of the object; these are termed molds. 
Often the mold is filled by sand, clay, or some other substance, 
so that a cast is formed, having the same shape as the original 
but a different composition. Occasionally fossils are preserved 
by a process called replacement. This consists of simultaneous 
solution and precipitation, an exchange of one solid for another. 
It proceeds very gradually, a little at a time, so that for each 
minute quantity of the original material that is removed in solu¬ 
tion an equal quantity of some other substance is precipitated 
in its place. In this way the original structure may be retained 
in all its details; fossil wood and bone may be so well preserved 




Fig. 3. ancient- marine organisms 

Photographs courtesy of New York State Museum (above) and James Bush 
(below). 


Whether or not an organism will be preserved as a fossil de¬ 
pends largely upon the environment in which it died. The bodies 
of most animals are destroyed by carrion feeders and bacteria, 
and this can only be prevented by rapid burial. The most favor- 
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able place is the shallow sea, where currents may move and deposit 
sediment so that the organism is soon covered. Fossils may also 
be abundant in the muds and silts of lakes and deltas; and a 
smaller number are entombed along river courses and in w'ater 
holes, while occasionally they are found buried in beds of vol¬ 
canic ash. 

Use of Fossils 

Fossils are used in many kinds of scientific investigation. Ever 
since life began, organisms have been evolving; and the course 
of this evolution Is traced by the fossils. In ancient strata the 
remains are those of simple plants and animals. In successively 
younger layers of sedimentary rocks, plants and animals of more 
complex types appear; and in the most recent sediments we find 
the life forms of today. Fossils not only reveal the changing 
character of the Earth’s inhabitants, but they also give an ac¬ 
count of the history of each group of plants and animals. 

From the assemblage of the fossils within a given formation 
and from the kind of rock in which they lie buried, it is possible 
to reconstruct much of the environment under which the organ¬ 
isms lived. The fossils of aquatic life are vastly different from 
those of land plants and animals, and similarly it is usually not 
difficult to separate the marine forms from the inhabitants of 
fresh waters. Also certain kinds of life such as the coral are 
restricted to warm regions; conversely, others are found in tem¬ 
perate latitudes and some only in the polar areas. The paleontolo¬ 
gist restores the geographies of the past by the kind of life within 
the rocks, just as we associate the life of today with the pres¬ 
ent geography—cactus connotes the desert; a penguin implies 
Antarctica. 

Fossils are most valuable as a means of dating the rocks in 
which they are found, for each series of fossiliferous sedimentary 
rocks is characterized by its own unique assemblage of fossils. 
By the stage of development of life it is possible to compare the 
age of the rock in question with that of other fossiliferous rocks. 
A knowledge of the age of rocks is not solely of academic interest; 
it is of importance in many practical ways. For instance, in the 
search for petroleum and coal it is known that rocks of certain 
ages are likely to contain these substances; whereas other rocks, 
differing only slightly in their time of deposition, are barren. 
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Furthermore, a detailed knowledge of the age and relations of 
rock strata makes it possible to estimate the depth of certain 
layers below the surface of the Earth. 

EXERCISES 

1. In what rocks would you expect fossils to be most abundant? Might fossils 
occur in granite, basalt, volcanic ash, conglomerate? 

2. Compare conglomerate, talus d6bris, and till as to the shapes, sizes, and 
composition of the fragments, and also with respect to the nature of the surfaces 
of the fragments. 

3. What type of soil results from the weathering of sandstone, granite, and 
shale? 

4. What sedimentary rocks reveal the type of climate under which they were 
deposited? 

5. Of the rocks so far described, wliich arc suitable and which unsuitable as 
building materials? Explain. 

SUGGESTED TOPICS FOR FURTHER STUDY 

Ripple marks and mud cracks The origin of coal 

Cross-bedding Coral reefs 
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Chapter XXVII 


Diastrophism 


Over most of the world, earthquakes are either rare or only 
faintly perceptible, and hence most of us are prone to assume that 
the crust of the Earth is a stable unyielding structure. Because 
most Earth movements and readjustments take place slowly, we 
are not aware of them; and only when news of an especially dis¬ 
astrous earthquake comes to us, are we made conscious of the 
weakness of the crust. 

Earth movements are of many kinds: some affect vast regions 
—at times an entire continent—others are restricted and local; 
some manifest themselves in changes of level, others are displayed 
in the deformation of rocks. All movements affecting the solid 
rocks within the crust of the Earth are included in the term dias¬ 
trophism. 

Broad Movements 

Evidence for the slow vertical movements of great land masses 
is presented by the submergent and emergent .shore lines described 
in Chapter XIV; however, it should be recalled that these effects 
may also be caused by changes of sea level, and it is often difficult 
to determine whether the change is to be attributed to move¬ 
ments of the Earth’s crust or changes of level in the oceans. Fre¬ 
quently the vertical movement is accompanied by tilting, in 
which case the raised shore lines and beaches are no longer hori¬ 
zontal. The presence of fossils of marine organisms in high places 
is a further indication of diastrophism. 

It is not difficult to find evidence for movements that took 
place in the past, but the changes take place so slowly that it is 
seldom possible to ascertain whether a given region is rising or 
subsiding at the present time. The best-known instance of such 
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a change that can be measured is afforded by northern Sweden, 
which is rising at a rate of several inches per century, but it is 
still too soon to state precisely how many inches. To the reader, 
perhaps, this change seems too small to be regarded seriously; 
but it should be remembered that many Earth processes continue 
over vast stretches of time, so that a single century would repre¬ 
sent but an insignificant fraction of the whole. 



Pressures 


Folds 

The more intense but localized deformations which are the 
primary concern of this chapter are manifested by folds and 
fractures. Folds are the bends and undulations in rock layers; 
fractures, as the name implies, are breaks within the rock. Since 

folds result from horizontally di¬ 
rected pressure they usually take 
the form of irregular wrinkles, 
single isolated folds being some¬ 
what rare. The terminology used 
to describe them is simple: folds 
that are arched upward are an¬ 
ticlines ; those bowed downward 
are called S3mclines. We refer to 
the top of the former as the crest 
and to the bottom of the latter 
as the trough, just as in waves. 
Folds may be of almost any size; 
some are measured in inches, 
others in tens of miles. 

In order to understand fold¬ 
ing, several points require ex¬ 
planation. Rocks of all types are 
brittle, but many can bend if the 
stresses are applied slowly and if the rocks are confined by a 
sufficient load above; hence whenever a series of folds can be seen 
at the surface of the Earth, we are confident that much overlying 
rock has been removed by erosion. Sedimentary rocks are the 
only ones that lend themselves readily to folding, and this is 
because their bedded structure permits one layer to slide with 
respect to those above and below (Fig. 1). One further point is 
to be borne in mind: anticlines are not hills, neither are synclines 




Original Length 


Length After Folding Shortening 
C 

Fig. 1. FOLDING 

Aj anticline and syncline. B, strati¬ 
fied rocks lend themselves to folding 
because their structure permits move¬ 
ment between adjacent strata. C, sha^ 
of folds, and shortening under the influ¬ 
ence of strong pressure. 



DIASTROPHISM 


471 


valleys; both of them are rock structures that are independent 
of the surface configuration. 

Folds result from pressure generated within the crust of the 
Earth. Isolated broad anticlines may result from pressure directed 
vertically upward; but the more characteristic folds, consisting 
of a series of anticlines and synclines, are produced by forces 
applied in a more or less horizontal direction. 

Folded Mountains 

Nearly all the world’s great mountain ranges have been formed 
by folding; as conspicuous examples we have the Alps, Andes, 
Rockies, Caucasus, and the Himalayas. All of these display folds 
which are inclined away from the direction of pressure, and all of 
them are more tightly folded on the side from which the force was 
applied. Farther away from the region of most intense pressure 
the folds are smaller, more open, and more nearly symmetrical. 
When sedimentary beds are squeezed into folds, the rocks are 
forced into a shorter horizontal distance; in the larger mountain 
ranges the shortening may amount to scores of miles (Fig. 1). 
The only direction of relief is upward, and consequently the 
surface of the Earth is raised by the jamming together of rock. 
There are two points that must be considered in connection with 
the last statement. First, folding is a slow process, and erosion at 
the surface tends to counteract the effect of elevation; hence a 
given mountain range may never have attained the heights indi¬ 
cated by the size of the folds. The second is this: the rocks of 
many lofty mountain i-anges of today were folded in the remote 
past; they owe their present altitude, but not their structure, to 
recent uplifts. The Appalachians are typical in this respect; they 
were formed long ago, and since that time they have experienced 
several cycles of erosion and re-elevation. Their present height 
results from a comparatively recent uplift. 

Dip 

Sedimentary layers that are not horizontal are said to dip. 
This term is applied to rocks that are inclined but is not employed 
to describe the slope of land surfaces. In order to determine the 
dip of a rock, it is necessary to observe two distinct things: the 
direction of the inclination and the angle the stratum makes with 
the horizontal. The first of these is stated as a compass direction; 
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the second is the angle between the dipping plane and an imagi¬ 
nary horizontal surface. In Fig. 2, the rock dips to the west at an 
angle of 14°. 


Fig. 2. dtp 

The stippled layer dips due west at an 
angle of 14“. 


Erosion of Folds 

Since folds are formed at some distance below the surface of 
the Earth, they do not become visible until erosion has removed 
the overlying material. Folded strata that differ in hardness 
exert a marked control on the topography; a region of folded 
mountains usually consists of a series of parallel ridges and 




Fig. 3. effect of folds on topography 
The layer shown in solid black is more resistant than the others. On the left an 
anticlinal ridge is shown, on the right a synclinal ridge. The two are separated by an 
■ intervening ridge and two valleys. 

valleys (Fig. 3). The ridges mark the positions of the harder 
rocks; they remain standing in’ sharp relief, while the weaker 
strata are worn down by rivers. The form and spacing of the 
ridges depend upon several factors: the thickness and distribu¬ 
tion of the hard layers, the angle at which the strata dip, and 
the depth to which erosion has cut. Strata with a low angle of dip 
form asymmetrical ridges; the gentle slope approximates the 
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inclination of the rock, while the opposite side is much steeper. 
When the dip is steep, the ridge is more nearly symmetrical. 

Ridges may also be formed by the harder layers, where they 
form the crests of anticlines and the troughs of synclines. The 
relation between the form of the ridges and depth of erosion can 
be seen from Fig. 3. At a later stage the ridge formed by the 
syncline on the right will be removed, and continued erosion will 
separate the anticlinal hill on the left into two distinct ridges 
with a valley between. 

Fractures 

All firm rocks are more or less cut by joints; the distinction 
between joints and faults is that joints are cracks in the rock 
along which no movement has occurred, whereas faults are frac¬ 
tures in which there has been 
movement along the plane of the 
break. Joints may be formed in 
many ways; but most of them 
result from shrinkage, as in the 
cooling of igneous rock, or from 
stresses such as give rise to fold¬ 
ing and faulting. The impor¬ 
tance of joints in weathering was 
discussed in the previous chapter. 

Faulting occurs when rocks are 
strained beyond their elastic 
limit or when the stresses are 
applied too suddenly. Folding is 
largely restricted to sedimentary 
rocks; faults may be formed in 
any solid material. 

Nearly all faults may be clas¬ 
sified as either normal or reverse. 

In the first of these, the opposing rock masses, on opposite sides 
of the fracture, appear to have been pulled apart along the dipping 
plane of the break, as though the rupture has been caused by a 
tensional (stretching) force. Reverse faults, on the other hand, 
look as though one side has been forced over the other by a com- 
pressional stress (Fig. 4). Some faults are neither normal nor 
reverse; this would be true of a vertical fault (Fig. 5) and of those 




Upperf a normal fault. Lower^ reverse 
fault. Direction of movement is indi¬ 
cated by arrows. 
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in which the movement is confined to a horizontal direction. The 
surface along which movement takes place is called the fault 
plane. While clean sharp fractures are not uncommon, a great 



Fig. 5 . vertical faults 

Vertical displacement is shown by the block on the left, horizontal displacement 
by the one on the right. 

many faults are characterized by a zone of crushed and shattered 
rock, called a crush zone. 

The direction taken by the movement of the displaced sides of 
the fault is frequently less simple than is indicated in Figs. 4 and 

5. Thus in Fig. 6 it can be seen 
that point X', which was adja¬ 
cent to X before movement oc¬ 
curred, is not only lower than X 
but farther to the north and east 
after the displacement. Some¬ 
times the direction of movement 
can be determined by the direc¬ 
tion of grooves and scratches on 
the fault surface. 

Faults, whether they consist of 
simple fractures or are accom¬ 
panied by crush zones, are lines 
or strips of weakness in the rock; and hence in many places 
valleys are found along the trace of the faults. These valleys are 
characteristically straight; but they are not to be confused with 
the equally straight valleys that are found in regions of folded 
rock, where erosion is largely concentrated along the edges of 
the weaker strata. 

Many mountainous regions owe their structure to large-scale 
faulting. In this country the best example is afforded by the 
ranges of Nevada and adjacent parts of Utah and California. 
Each one of these ranges is a tilted fault block (Fig. 7). There are 
several hypotheses to account for their origin; the simplest is as 



Fig. 6. displacement by a fault 


The block on the right has been 
moved dowrij to the eastj and to the 
north with respect to the left hand 
block. The direction of movement is 
indicated by the scratches on the fault 
plane. Points X and X' were formerly 
adjacent. 
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follows: the entire region was bowed up in the form of a gentle 
arch, a very broad and low anticline; this structure was not strong 
enough to support its own weight and so broke up into a large 



Fig. 7. fault block mountains 

Rear blocks the rocks have been raised into a broad simple arch. Front blockf the 
arch has been broken by faults, and the resulting tilted blocks are partially buried 
below debris. 


number of separate blocks, each of which settled or slid into a 
position of rest, guided by the dip of its bounding fractures. Depo¬ 
sition subsequently filled the lower places, so that today the 
different ranges are separated from each other by flat-floored 


basins of waste. Mountains of 
this type are called fault block 
mountains. 

Another landscape feature 
produced by faulting is the long 
trench-like depression or graben. 
The origin of these is still being 
studied, but they appear to be 
formed by the sinking of narrow 
blocks of the Earth’s crust be¬ 
tween two approximately parallel 
normal faults (Fig. 8). The Dead 



Fig. 8. graben 


The lower region between the two 
cliffs has been dropped to its present 

f osition by the opposed normal faults, 
ts surface is buried below a veneer of 
alluvium. 

Sea and Jordan River of Pales¬ 


tine occupy a trench of this kind, as do the long narrow lakes 


Tanganyika and Nyassa in eastern Africa. 


Faults and Engineering 

Faults provide avenues for the migration of liquids within the 
Earth, permitting the movement of ground water and facilitating 
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the ascent of magma and other fluids of igneous origin. Many 
faults have been filled by dikes and veins, and so are of impor¬ 
tance in mining. In many mines the mineral-bearing vein has 
been cut and moved by a fault, so that the ore may stop abruptly 
at a fracture, with barren rock beyond. This condition, together 


A B C D 



Fig. 9. practical aspects of faults 

A, C, D, a mineral bearing vein has been (!ut and offset by a fault. In each 
case the region has been subsequently levelled by erosion. E and F, a bed of coal 
has been cut and offset by a fault, in F a drill hole fails to emuiunter the coal, in F 
the drill passes through the coal bed twice. (7, a river has carved a valley along a 
crush zone. To avoid both the crush zone and the steep grades of the valley sides, 
the railway leaves the tunnel and (Tosses the valley on a viaduct. //, water tunnel 
through a fault. If tlie fault suffers displacement the tunnel will be broken. /, tun¬ 
nels driven through crush zones frequently encounter large quantities of water as 
well as the slumping indicated in the dijigram. 

with several others of the same sort, is shown diagrammatically 
in Fig. 9. 

Faults often impede the construction of tunnels, particularly 
when a water-saturated crush zone is present; for not only may 
the broken and weathered rock keep sliding down as fast as it is 
removed, but the water following the crush zone may flood the 
tunnel. 
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Earthquakes 

Except for the rare and relatively mild shocks that accompany 
explosive volcanic eruptions, nearly all earthquakes are caused 
by faulting. The earthquake itself consists of a rapid vibration 
of the ground. The damage done is accounted for in part by the 
direct shaking, but much of it is caused by fires that break out 
when stoves and lamps are overturned, and when gas and elec¬ 
trical connections are broken. In large cities these fires arc often 
more destructive than the actual shock, especially when the water 
mains and telephone and other electric lines have been broken. 

In general, earthquakes are most destructive whi^re the bedrock 
is thinly covered by unconsolidated deposits, that is, with ground 
that is loose and uncompacted. At such a place the separate rock 
fragments are more free to move than the particles in firm rock 
or tightly packed sediment, and their displacement is correspond¬ 
ingly larger. 

The amplitude (Chapter XXIX) of the earthquake wave depends 
upon the intensity of the shock and upon the distance from the 
point of origin; the destructiveness depends not only on this am¬ 
plitude but also on the frequency of the vibration. Earthquake 
waves with an amplitude of the order of yoW of an inch may be 
perceptible if the vibration is sufficiently fast; much smaller ones 
can be measured by seismographs. 

Cause of Earthquakes 

Most earthquakes result from the sudden movement along a 
fault. The shock which causes the vibrations is most satisfactorily 
explained by the elastic rebotmd theory. This theory assumes 
that the rocks suddenly snap after they have been strained to the 
breaking point, just as a rubber band is broken when stretched 
beyond its elastic limit. The analogy can be pursued farther: 
when the rubber band breaks, the loose ends fly back to a posi¬ 
tion where they are no longer under stress. Similarly, the rocks, 
on opposite sides of the fault, snap to a position where they are 
no longer strained; and it is this hammer-like blow that causes 
the vibration. 

Even a major earthquake does not imply that a new fracture 
has been formed in the Earth; many, if not most earthquakes, 
result from movements along a previously formed fault plane. 
In California, where many of the active faults are known and have 
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been carefully mapped, special precautions are taken to avoid 
them when dams or other large structures are built; and, when 
it is necessary to build water-supply tunnels or canals across them, 
allowance is made for possible future movements. 

Earthquakes are most numerous ^ in the same regions where 
active volcanoes are common, around the Pacific Ocean and along 
an irregular east-west line that passes through the Malay Archi¬ 
pelago, the Himalayas, Caucasus, Mediterranean, the West 
Indies, and Central America (p. 450). There is no direct causal 
relationship between volcanoes and earthquakes, but both occur 
in many regions where the ocean floor descends abruptly offshore. 

Seismographs 

The instruments employed to detect earthquakes and measure 
the size of their waves are known as seismographs. They can be 
made sensitive enough to record earthquakes that originate 
several thousand miles away. Although these instruments are 
constructed in several different ways, they are all based on the 
principle of inertia as applied to a pendulum (Fig. 10). The 
fixed part of the seismograph is firmly set on a concrete base, 
which in turn rests upon bedrock. From the rigid portion of the 
seismograph a pendulum may be suspended, or the instrument 
may be provided with an arm that is free to swing to and fro from 
an almost horizontal position. When the ground vibrates, the 
seismograph vibrates with it; and the pendulum or the lever is 
set in motion, swinging with a period that is determined by the 
adjustment of the instriunent. In modern instruments the move¬ 
ment is recorded in the following way: a beam of light from a 
fixed source is directed toward the end of the freely moving arm, 
from which it is reflected by a mirror to a strip of film or light- 
sensitive paper. The paper is attached to a drum which rotates at 
a constant speed. As long as the apparatus remains steady, the 
beam of light traces a straight line along the paper; when the vibra¬ 
tions take place, the beam swings back and forth, tracing a jagged 
line. At definite intervals an automatic device records the time, 
so that the seismogram shows the precise time of the arrival of the 
vibrations, as well as the times of any subsequent changes in the 
record. The pendulum is free to swing only in one direction; 

1 According to Professor Daly of Harvard University, about 9,000 earthquakes are 
recorded annually. 
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hence it is customary to have two seismographs set up at right 
angles to each other, so that one records the east-west movement 
and the second shows the vibrations that take place in the north- 
south direction. Seismographs are also constructed to register 
the vertical components of the vibrations. 

The typical seismogram shows three distinct sets of waves 
(Fig. 10). They are called, in the order of their arrival, the 
primary, secondary, and main shock waves. The primaries and 




L 


Fig. 10. SEISMOGRAPH AND SEISMOGRAM 
Ahovej diagram of a seismograph. The pendulum consists of the weight W and 
the arm A which is pivoted at P. The pendulum is hung from the tower T by the 
suspension S and is free to swing in a horizontal direction. A ray of light from the 
source L is reflected by the mirror M to the light sensitive paper which is being ro¬ 
tated on the drum D. 

Below, generalized seismogram. The records made by the primary, secondary, 
and main shock waves are indicated by the letters P, S, and L, respectively. 


secondaries follow paths through the Earth. The main shock 
waves travel in the crust around the Earth; and they arrive last, 
not only because they have a longer journey but also because 
they travel more slowly. The velocity of earthquake waves in¬ 
creases with an increase in rigidity, and the rigidity increases 
with pressure; hence the speed of the waves increases with depth. 
Primary waves are longitudinal vibrations; that is, they are 
transmitted by a to-and-fro oscillation of particles of rock, in 
which the movement lies in the same direction taken by the wave. 
The secondaries are transmitted by vibrations in directions per¬ 
pendicular to the path of the wave (Chapter XXIX). Of the two, 
the longitudinal waves have the greater velocity and so are the 
first to arrive. 
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The difference between the velocities of the primary and sec¬ 
ondary waves provides a method for locating distant earthquakes 
if these waves are recorded by three or more seismographs. The 
time that elapses between the arrival of the primaries and the 
first secondaries makes it possible to find the distance from the 
seismograph to the center of the earthquake. If the distance is, 
for example, 2,000 miles, then the earthquake occurred at some 
point on the circumference of a circle (drawn on a map) having 
the seismograph as a center and a radius of 2,000 miles. Other 
seismographs are used as the centers of circles in which the radii 
are determined in a similar way, and the point of intersection of 
the circles indicates the site of the earthquake. 

Metamorphism 

When rocks are subjected to high temperatures and pressures 
and when they are exposed to the attack of igneous fluids, their 
compositions and internal arrangement may be profoundly 
changed. The processes of making them over from their earlier 
state are included under the term metamorphism, and the products 
are the metamorphic rocks. 

Dynamothermal Metamorphism 

Strong pressures together with high temperatures bring about 
an alteration of rocks that is known as d3mamothermal meta¬ 
morphism. These are the conditions that prevail when rocks are 
intensely folded. The pressures bring about the folding; the 
temperatures result from the depth within the Earth and from the 
friction that accompanies the movement. Most sedimentary 
rocks are far more susceptible to metamorphism than are rocks 
of igneous origin, for the latter are produced within the Earth in 
an environment where pressures and temperatures are high; 
whereas sedimentary rocks are formed either on the surface of the 
land or the floor of the sea, where temperatures and pressures are 
comparatively low. Metamorphic rocks may be observed only in 
regions where erosion has cut deeply enough to expose them, and 
the most profoundly altered rocks represent the roots of ancient 
and deeply eroded mountain ranges. 

When a rock is made over by metamorphic processes, it may 
be so altered as to bear little or no resemblance to the original 
material. The composition may not suffer appreciable change; 
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but the various ingredients are usually reorganized into different 
compounds, necessarily into minerals that are stable under the 
changed environment. The development of new materials is 
accompanied by a change in texture; metamorphic rocks tend to 
be coarser than their unaltered equivalents. The most marked 
change, however, is in the internal structure, the arrangement of 
the minerals with respect to each other, which frequently rnani- 
tests itself in imparting a pronounced parallel structure to the 
reorganized rock. 

Contact Metamorphism 

Igneous bodies produce a variety of changes upon the rocks 
with which they come into contact; all such changes are included 
in the term contact metamorphism. The heat that escapes down¬ 
ward from lava tends to bake the underlying rock and soil, but 
the effect is slight unless the lava flow is a particularly thick one. 
Intrusive igneous bodies bake the surrounding rock to a greater 
degree, often to such an extent that new minerals are formed 
within the invaded material. Wherever fluids escape from the 
crystallizing magma, the metamorphism is rendered still more 
complex, for the solutions from the igneous body tend to follow 
whatever cavities may be present. Minerals are often precipitated 
in the openings. In this way well-defined fractures may be filled 
and so form veim; otherwise the distribution of the newly formed 
minerals is patchy and irregular. New minerals may also be 
formed by reactions that take place between the surrounding 
rock and the invading igneous solutions. In many parts of the 
world ore deposits have been formed as a result of the precipita¬ 
tion of metalliferous minerals by the two processes mentioned 
above. The metamorphosed zone may be several hundred yards 
thick, or it may be imperceptible. The width depends upon many 
factors; the temperature and size of the invading igneous body, 
the abundance, composition, and fluidity of the invading solu¬ 
tions, and the susceptibility of the rock that is under attack. 

Rocks may also be changed by the invasion of highly heated 
waters, a process that is appropriately called hydrothermal altera¬ 
tion, In some respects it is similar to contact metamorphism, but 
it does not necessarily result from water that has escaped from 
igneous rock. Thermal waters may transport and deposit some 
mineral substances, but their most conspicuous work is destruc- 
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tive. Rocks attacked by these solutions are pasty in appearance 
and soft; they consist of complex aggregates of finely divided 
decomposition products. The original constituents may be com¬ 
pletely decomposed. 

Foliation 

Many of the minerals resulting from dynamothennal metamor¬ 
phism form tabular crystals; many others have prismatic shapes. 
These two forms are illustrated by the micas and by amphibole, 
both of which are common in certain metamorphic rocks. When 
these, or other minerals of similar shapes, crystallize within a 
rock subjected to strong, directed pressures, their longer dimen¬ 
sions are aligned in planes at right angles to the direction of 
pressure, and their shortest direction is parallel to the pressure. 
It is as though the minerals grow most readily in the directions of 
less resistance. Under the circumstances described above, a rock 
that has been metamorphosed by strong, directed pressure will 
display a marked parallelism of its crystals. Minerals with the 
shape of mica will be oriented parallel to each other; minerals 
with but one conspicuously long dimension will lie with their 
longer axes in parallel planes. The term foliation is applied to the 
streaked or banded structures so produced. If the foliation is well 
developed, it constitutes a direction of weakness along which the 
rock tends to break; but it is not to be confused with the cleavage 
possessed by minerals (p. 440). 

Metamorphic Rocks 

Three of the five common metamorphic rocks considered below, 
slate, schist, and gneiss, display a foliate structure; the other 
two, marble and quartzite, consist of minerals with random ar¬ 
rangement. 

Slate is a fine-textured rock that frequently possesses a foliation 
so uniform that it can be split into thin smooth slabs which are 
used for roofing. It owes this property to the presence of in¬ 
numerable minute crystals ‘ of mica and similar minerals, all 
arranged with the longer axes perpendicular to the direction from 
which the pressure was applied. The rock splits easily on account 
of this parallel arrangement, and also because the cleavage planes 
within the mica are parallel to the flat crystal surfaces. Nearly 
all slate is formed from shale by comparatively mild metamor- 
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phism. The color is commonly a dark bluish-grey; but reds, 
browns, and green are not rare. 

Schist is somewhat similar to slate, but displays a coarser 
texture and a less uniform foliation. It differs from slate in repre¬ 
senting more intense dynamothermal metamorphism and is 
formed at greater depths under the influence of high temperatures 
and pressures. It may be derived from many different original 
materials, and as a consequence it may consist of a number of 
different mineral assemblages. Mica schist and amphibole schist 
are the most abundant varieties. 

Gneiss is a coarsely crystalline rock with a striped or banded 
appearance that results from streaks of dark-colored minerals. 
Many of the gneisses have approximately the same composition 
as granite; practically all of them are rich in feldspar, and most 
contain quartz. The dark bands or streaks usually consist of 
biotite or amphibole in parallel orientation, and these segrega¬ 
tions of darker (irystals control the foliation. The rock may break 
between the light- and dark-colored bands or through the cleavable 
minerals of the latter. Gneiss is formed by extremely high tem¬ 
peratures and pressures, and from many different kinds of rock. 

Marble is metamorphosed limestone. Although it consists 
essentially of calcite which is readily cleaved, marble is free from 
foliation because the calcite crystals are more or less equidimen- 
sional and are oriented at random. The essential difference 
between limestone and marble is one of texture. Limestones are 
exceedingly fine; marbles are coarse enough to have a granular, 
sugary appearance. The change is brought about by the integra¬ 
tion of many small calcite particles to form single larger crystals. 
Pure limestone produces white marbles; the streaked and colored 
marbles result from the presence of impurities. 

Quartzite has already been described (p. 463) as a variety of 
sandstone. The metamorphic quartzites are sandstones that have 
been subjected to sufficient heat and pressure to weld the sand 
grains together. 

Causes of Diastrophism 

Throughout this chapter many different phenomena—folds, 
faults, metamorphism, and, indirectly, earthquakes—have been 
explained as the results of strong forces at work within the crust 
of the Earth, and most of the features described require that these 
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pressures operate in directions approximately parallel to the 
surface. To account for the origin of these stresses, many hy¬ 
potheses have been suggested; but no one of them seems ade¬ 
quate. The pressures occur in a zone that is too deep for direct 
observation; they are of a magnitude that is difficult to reproduce 
in the laboratory, and they involve time factors that are much 
too long for laboratory experiment. Consequently, we are forced 
to speculate upon their origin, in the hope that eventually an 
hypothesis will be evolved that will account for all the facts that 
are known through observation. 

For many decades folds and similar structures were believed 
to result from contraction of the inner part of the earth. The 
pressures were supposedly produced in the outer shell as it ad¬ 
justed itself to a continually shrinking core. The shrinkage was 
explained in various ways: by a gradual loss of heat through 
cooling, by loss of gases through volcanism, and by readjustments 
within the interior as great downward pressure forced mineral 
substances into more closely spaced crystal patterns. The chief 
objection to shrinkage as a cause of diastrophism is the magnitude 
of the shortening required. If the folding of horizontal rocks into 
the contorted waves of a mountain system is produced by a 
decrease in the Earth’s circumference, the larger ranges require 
a reduction of a hundred miles or more in the circumference of 
the Earth. This would entail a shortening of the radius by some 
fifteen miles! The hypothesis thus demands a far greater shorten¬ 
ing of the radius of the Earth than can be accounted for by any 
known or inferred mechanism. 

Isostasy 

It has long been known that the high plateaus and mountains, 
and in general the lofty parts of the continents, consist of lighter 
material than the lower regions and that the rock below the ocean 
has a higher density than that of tfie continents. The theory of 
isostasy explains these facts by presuming that the low regions 
are in a state of balance with the high places. It is maintained 
that if we consider various portions of the Earth as vertical 
prisms, or more accurately as gently tapering truncated cones 
standing side by side, all will exert the same downward pressure 
per unit area. Prisms consisting of rocks of low density rise higher 
than their denser neighbors. On the other hand, all of the blocks 
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having the same mass sink to the same depth, the zone of com¬ 
pensation^ which is variously computed to lie at depths of 35 to 
70 miles. We may compare this to a vessel of water in which 
slabs of different kinds of wood are floated, each slab having the 
same mass and same length and width; but because of their 
different densities each will have a different thickness. All the 
pieces of wood will be submerged to the same extent, because their 
equal masses require the displacement of equal quantities of 
water. Thus the distance to which the top of each slab will rise 
above the water surface varies inversely with its density. The 
denser wood corresponds to the oceanic regions ; the least dense 
protrude farthest above the water surface and correspond to the 
elevated portions of the continents. The analogy must not be 
carried too far, for we have no direct knowledge of the medium 
upon which the ^^earth-prisms’^ are supposed to be floating. 

Erosion removes material from the higher regions and thereby 
reduces the mass of these prisms. At the same time the products 
of erosion are deposited upon the lower areas and so increase the 
load on the denser prisms. In order to maintain their balanced 
condition, the eroded places gradually rise and thereby restore 
the mass they lost by erosion; the regions of deposition sink 
because of the accumulating load. To compensate for these 
changes, it is presumed that there is a movement of material 
from the bottom of the sinking heavy prisms to the base of the 
lighter rising prisms. The readjustment is slow and may perhaps 
never be perfect. The evidence for such readjustment is found 
in ancient mountain ranges which have passed through several 
cycles of peneplanation and re-elevation. Other evidence is 
obtained by measuring the force of gravitative attraction over 
various parts of the Earth. Over low-lying regions the forc^e of 
gravitation is relatively high, due to the local effect of the heavy 
material below; in mountainous country measurements of the 
attraction indicate that the rocks composing the mountains are 
of less than average density. 

Isostatic readjustments call for differential movement between 
rising areas and regions that are sinking. Wliile it is very doubt¬ 
ful if isostasy is responsible for the great horizontal pressures that 
bow up mountain ranges, it may, nevertheless, be adequate to 
account for some faulting and earthquakes, particularly where 
conditions prevail such as those along the western shore of the 
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Pacific Ocean, where deep seas border the lofty margins of the 
continents. 

Continental Drift 

One hypothesis which seeks to explain the causes of diastro- 
phism has received mu(*h attention in recent years. This is the 
hypothesis of continental drift. It assumes that the continents 
have not always remained in the positions in which we find them 
today, but have been slowly migrating. There are many different 
modifications of the underlying idea, but most of them presume 
that the continents were once either joined or else were closer 
together than they are today, and that they were sundered and 
are slowly drifting apart. Several lines of evidence have been 
advanced in support of this hypothesis. One is the similarity of 
certain opposing coasts; for instance, the east coast of South 
America and the west coast of Africa seem to fit together like two 
adjacent pieces of a jig-saw puzzle. Another is the resemblance 
in both age and structure of the rocks of northeastern North 
America and northwestern Europe, particularly the aiudent 
rocks of Scandinavia, (h’eenland, and Newfoundland. Still other 
evidence is furnished by fossils of similar plants and animals on 
opposite sides of the o(*ean. 

Scicntifici opinion is divided concerning the hypothesis of conti¬ 
nental drift. Its adherents claim that it provides a rational ex¬ 
planation for large-scale deformation of the crust. They maintain 
that the sliding causes portions of the (*rust to be wrinkled into 
mountain ranges. Opponents of the hypothesis insist that no 
adequate explanation for the migration of continents has yet 
been presented and that much of the evidence cited in support of 
the hypothesis can be accounted for in other ways. 

In conclusion, it is to be reiterated that enormous pressures 
exist within the Earth. Their influence is manifested in the 
structures of continents and in the facial expression of the lands 
and seas; however, the cause and nature of these forces are far 
from being understood, and their study constitutes what is per¬ 
haps the most important problem in Earth science today. 

EXERCISES 

1. Classify the faults in Fig. 9, as either normal or reverse. 

2. Suggest the procedure to be followed when a mineral vein stops abruptly at 
a fault, and it is necessary to find the continuation of the ore. 
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3. Would you expect to find fossils in schist? Explain. 

4. Examine the following mountain systems in an atlas: Andes, Coast Ranges 
of North America,. Himalayas, Caucasus, Alps. What features do you find they 


hold in common? Ex[)lain. 

SUGGESTED TOPICS 

Plunging folds 
Origin of mountain ranges 
The Basin and Range Province 
Great earthquakes of history 


FOR FURTHER STUDY 

Continental drift 
Isostasy 

Geophysical i)rospe(‘ting 
Construction of buildings in regions 
of a(!tive eartlK^uakes 
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Chapter XXVIII 


Geologic Change and Time 


An understanding of the origin of the rock structures and the 
landscape of today requires an appreciation of two fundamental 
concepts, geologic change and geologic time. The conditions 
that prevail today result from the vicissitudes of the past, and 
the face of tomorrow's Earth is being molded and carved by the 
changes that are now taking place. Examination of rocks formed 
in the past reveals no evidence of processes that are not now in 
operation, discloses no structures that cannot be formed today. 
While it is true that at certain critical periods in Earth history 
some processes, such as erosion and mountain building, have 
occurred at a faster than average rate, there is no need to appeal 
to abnormal or cataclysmic events to explain such features as 
the Grand Canyon or the Himalaya Mountains. Rock structures 
and land forms are the products of orderly, normal change. 

Geologic Change 

The major processes that are responsible for the changing pat¬ 
tern of the face of the Earth have already been described. All 
of them can be included under the three general headings of 
gradation, volcanism, and diastrophiam. Gradation signifies level¬ 
ling, and it is brought about in two ways: by the reduction of the 
high places through erosion, and by the filling of the lower places 
through deposition. The two processes proceed together through 
the agency of moving water, ice, and wind, and through the 
downhill migration of products of weathering. The transfer of 
material from the higher to the lower places is a manifestation 
of gravitational force; the movement is stimulated by the solar 
energy that insures the continuous operation of the water cycle. 
If erosion and deposition were the only processes in operation, 
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the continents would all be reduced to sea level by the work of 
rivers, wind, and glaciers; and the waves would lower the land 
still farther, until all the Earth were covered by water. Levelling 
is prevented by the effects of both volcanism and diastrophism. 

Volcanism, as its name implies, pertains to volcanoes; it in¬ 
cludes all igneous processes. In contrast to erosion its work is 
constructive, for it not only raises the surface of the Earth by 
building volcanoes and pouring out floods of lava, but it injects 
vast quantities of new material into the crust. In some regions 
the intrusive igneous rocks have arched up the surface; but 
whether they affect the surface or not, they add strength to the 
crust, partly because they are strong rocks, but more particularly 
because they seem to weld other rocks together. Volcanism is a 
less continuous and less widespread process than gradation, for 
whereas the latter never ceases, volcanism reaches its greatest 
activity only at times when the crust is being disturbed. 

Diastrophism and its effects have been described in the preced¬ 
ing chapter. Its importance in the present discussion is that the 
raising of continents and the building and re-elevation of moun¬ 
tains are the most important factors in preventing the process of 
gradation from being carried to completion. Furthermore, the 
metamorphic rocks resulting from diastrophism arc in general far 
superior to unmetamorphosed sediments in their resistance to 
erosion. 

In deciphering the events of the past through the rocks and 
rock structure, no evidence has been found that the areas of 
continents and oceans have varied greatly, despite the fact that 
parts of continents are subjected to occasional floodings by shal¬ 
low seas and despite the postulated drifting of the continents. It 
is as though an equilibrium were maintained between gradation, 
on the one hand, and volcanism and diastrophism, on the other; 
thus: 

gradation = diastrophism + volcanism. 

Geologic Time 

The magnitude of the time required for most geologic processes 
is difficult to grasp, for we are accustomed to measure the dura¬ 
tion of events in terms of the life of man or at most by comparing 
them with the length of a dynasty or a civilization. Most of the 
changes upon and within the Earth take place so slowly that we 
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are not aware of them, and only in certain instances can they be 
measured. This statement, of course, does not apply to such 
sudden events as earthquakes, floods, landslides, and volcanic 
eruptions; but these phenomena are of local importance only. 
They are insignificant in comparison with the building of a moun¬ 
tain system and its ensuing degradation to a peneplane. It is 
because of the time factor that geology lends itself so poorly to 
the experimental method. For example, one cannot prepare an 
artificial magma and then watch it crystallize to form a granite; 
the experiment might involve waiting for several times the length 
of all recorded history. Because of the length of time involved in 
geologic processes, results arc sometimes achieved that seem 
contrary to our experience in the laboratory. The chemist fre¬ 
quently employs vessels made of quartz,^ bec^ause this substance 
is practically insoluble in water and is immune to the attack of 
most chemicals; and yet in nature many examples can be found 
where vast quantities of (piartz have been gradually removed in 
solution by normal surface waters. We have already noted that 
rock, though it is brittle with respect to sudden shocks, can be 
forced into complicated folds if the pressure is applied slowly. 

Many methods have been tried in the attempt to measure 
geologic time and to atta(?h definite dates to the events of the 
past. Most of these have been unsatisfactory, and at present 
only two appear to be successful. The method of employing 
varves to compute the rate of ice retreat has already been sum¬ 
marized (p. 274). It is of value only in measuring comparatively 
recent time. The other method makes use of the disintegration 
of radioactive elements. This topic will be treated more fully in 
Chapter XXXIV; a summary must suffice for the present. The 
element uranium breaks down gradually and spontaneously to 
other substances, which in turn disintegrate. The final product 
is lead. The breaking down proceeds at a fixed rate that cannot 
be changed by any differences in the physicial or chemical en¬ 
vironment, so that the ratio of lead to uranium in a radioactive 
mineral gives a measure of the time since the material was 
formed. Some granites and other igneous rocks contain uranium- 
bearing minerals, formed at the same time as the rock; presumably 
the disintegration of these minerals began at the time they 

’ The “quartz” apparatus of the laboratory is actually a glass that has been prepared 
from molten quartz. 
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crystallized. The minerals are subjected to a careful analysis to 
determine the precise amounts of uranium and lead; ‘ the relative 
quantities of these elements give the time since the uranium 
started to break down. The oldest known rock to which this 
method has been applied came into existence about 2,000,000,000 
years ago. Rocks that are known by other methods to be younger 
yield proportionately smaller figures. 

The Geologic Time Scale 

Fortunately it is possible to arrange the events of the past in 
chronological order without needing to measure them in terms of 
years. To determine the sequence of changes that has given rise 
to the rocks, rock structures, and topography within a given 
region, several different methods are employed. The principles 
are relatively simple, but it frequently happens that the geologic 
history is so complicated that the task of determining the order 
of events is comparable to assembling a jig-saw puzzle from 
which many of the pieces are missing. 

In a series of sedimentary rocks, or lava flows, the rocks at the 
bottom of the series are the oldest, those at the top the youngest; 
they are piled one above another in the order in which they were 
formed. Sedimentary rocks found in two different regions may 
be compared as to age if they contain fossils, for in a general way 
the plants and animals that lived during a given time were wide¬ 
spread over fairly large regions. The sequence of life forms has 
been described in such detail that the fossils can be used directly 
to determine the relative age of the rocks that contain them. 

The age of igneous rocks can seldom be determined so precisely. 
An igneous rock, however, is younger than the rocks into which 
it is intruded, just as a fault must be younger than the material 
that it cuts. If there is more than one igneous body in a region, 
their time order can be determined if they intersect each other; 
for example, a dike must be older than another which cuts across 
it (Fig. ID and E). 

Interruptions in the sequence of sedimentary deposits are 
known as tmeonformities. Sometimes the break in the succession 
is obvious, particularly when stratified rocks have been deposited 
in a region that had previously been subjected to erosion; an 

^ Care must be employed to make sure that lead has not been introduced from some out¬ 
side source. 
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unconformity of this t 3 rpe is shown in Fig. IB. Other unconform¬ 
ities can only be detected when it is realized that one of the 
sedimentary formations is missing; this may be revealed by the 
absence of fossils that belong to the normal sequence of the dis- 
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Fig. 1. UNCONFOKMITIES AND GEOLOGIC HISTORY 

Af beds of limestone have been tilted and eroded. The eroded surface was later 
buried below sands and clays. Note that the strata meet at an angle. 

B, the unconformity between beds c and / is indicated by the wavy line. No di- 
astrophism has occurred. 

C, sedimentary beds deposited upon eroded igneous and metamorphic rocks. Since 
the schist is invaded by the granite it is the oldest rock represented. 

Z>, the shale is invaded by a dike, a sill, and an irregular intrusion. Of the three 
igneous rocks the dike is younger than the mass below, but older than the sill by 
which it is cut. 

Ey the block diagram represents a region with a complex history. Two types of 
sedimentary and two types of igneous rock are present. Faulting and tilting have 
occurred, and the region has been subjected to erosion three times. 


trict. When the rocks above and below an unconformity are not 
parallel, it means that diastrophism took place after the deposi¬ 
tion of the lower series and before the later deposits were laid 
down (Fig. lA). 

The time that has elapsed since the formation of the most 
ancient rocks is divided into five major units called eras. Each 
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era is a long interval of Earth history of many millions of years. 
The eras may be compared to the divisions used in telling the 
story of mankind, such as Paleolithic Age, Neolithic Age, Ancient, 
Medieval, and Modern History. However, even the shortest era 
is many times longer than the existence of man. 

The eras were not of the same length, and were vastly different 
from each other in details; nevertheless, each one followed the 
same general pattern. The record of the main part of each era is 
one of erosion and sedimentation, of invasions and retreats of the • 
sea across the lower parts of the continents. The fossils displayed 
in the rocks trace the story of gradual change in the Earth^s in¬ 
habitants during the era. The crust of the Earth remains fairly 
stable through most of the typical era; diastrophism is not severe 
and its effects are local. Each era is brought to a close by a time 
of widespread diastrophism and geographic changes. These crit¬ 
ical times of crustal disturbance are known as revolutions. 

During a revolution the continents are raised to higher alti¬ 
tudes ; this is accompanied by an increase in area and a consider¬ 
able change in their outlines. New mountain ranges are formed 
by the folding of "great tracts of sedimentary rocks, and at the 
same time older mountain ranges may be pushed up to new 
heights. The disturbance of the crust is probably responsible for 
the igneous activity which takes place during a revolution, for 
vast quantities of igneous material are intruded, and lava flows 
and volcanoes break out on the surface. 

The increase in elevation stimulates the rivers to a swifter 
flow; hence erosion and deposition are at a maximum. The 
changes in the form and elevation of the lands also affect the 
climate; higher elevation leads to lower temperatures, sometimes 
to glaciation, and the interior of the continent is removed still 
farther from the modifying influence of the ocean. As a result, 
the climate takes on a continental aspect and is marked by ex¬ 
tremes, especially of aridity. The effect upon life is varied. The 
plants and animals that are unable to withstand the new condi¬ 
tions die, and for this reason many large groups of organisms 
have become extinct. The surviving forms are those which were 
able to adapt themselves to the new environment and those 
which inhabit regions less severely affected by the revolution. In 
the ensuing era, the mountains that were raised up during the 
revolution are usually planed down by erosion; often this proceeds 
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far enough so that most of the continent is reduced to a region 
of low relief. Much of the transported debris comes to rest in low 
areas that continue to sink under the accumulating load of 
detritus. It is in such places that mountains are formed during 
the following revolution. The thick pile of sediments is folded 
into series of anticlines and synclines, and a new mountain system 
is created. 

The five areas that embra(*e all the known history of the Earth 
are briefly summarized below. They are set down in chronologic 
order, that is, with the oldest first and the most recent last. 

Archeozoic and Proterozoic 

The Archeozoic (the oldest) and the Proterozoic include the 
most an(*ient rocks of the continents. For several reasons their 
history is far more obscure than that of the later eras. Over 
most of the Earth these ancient rocks arc concealed by younger 
strata. Nearly all of the Archeozoic and most of the Proterozoic 
consist of metamorphic and igneous rocks, which reveal much 
less concerning the history of the Earth than do the sedimentary 
layers. Furthermore, the ancient rocks contain very few fossils, 
partly because the life of the time was relatively less abundant, 
partly because life in the main was simple and devoid of hard 
structures, and also because metamorphism has tended to obscure 
and destroy most of the organic remains that might otherwise 
have been preserved. The scanty records of the Archeozoic and 
Proterozoic l^ras make them comparable to the prehistoric times 
in the development of the human race. 

Even though we are not able to read the story of these two early 
eras clearly, they are of great importance in the structure of the 
lands. Every continent is put together like a well-constructed 
building, with a superstructure resting upon a foundation. The 
Archeozoic and Proterozoic rocks form a firm and stable base¬ 
ment that supports the younger rocks that rest above. The 
foundation owes its strength to having been welded by diastrophic 
forces and having its many parts riveted together by igneous 
intrusions. These rocks are for the most part hidden from view; 
they are revealed only in regions that have either suffered con¬ 
siderable erosion or in places where they have never been deeply 
buried. 

In North America, Archeozoic and Proterozoic rocks are ex- 
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posed in several areas; the largest extent covers nearly all of 
eastern Canada and the Lake Superior region. The Adirondack 
Mountains are an isolated knob of the same rocks. In the eastern 
part of the United States the Archeozoic and Proterozoic rocks 
are found scattered al)out New England and occupy a broad 
stretch that separates the coastal plain from the folded Appa¬ 
lachians.^ 


Paleozoic 

The formations of the Paleozoic Era rest directly upon the 
Archeozoic? and Proterozoic rocks, from which they differ in very 
many ways. Although the rocks of the Paleozoic have been 
folded in many regions, nevertheless they have been subjected to 
mu(?h less metamorphisrn and igneous intrusion than the older 
rocks. For the most part the Paleozoic* formations are relatively 
unaltered sedimentary rocks such as limestones, sandstones, and 
shales. Over much of the continent they lie in almost horizontal 
positions and have suffered little or no disturbance since the time 
when they were deposited. Many of the Paleozoic strata are 
extremely rich in fossils, especially in the remains of animals that 
lived in the sea. They supply the first legible records of Earth 
history. 

In the United States, Paleozoic rocks can be found in many 
localities; the most extensive display is from the Alleghenies 
westward to beyond the Mississippi River. Throughout most of 
this area they form a flat and almost continuous cover that rests 
upon the ancient crystalline rocks. The western part of the Appa¬ 
lachian Mountains consists of Paleozoic rocks folded into anti¬ 
clines and synclines. This belt of disturbed rocks forms a narrow 
but fairly continuous band from Alabama to Newfoundland. 
Much of New England consists of Paleozoic rock that has been 
metamorphosed and invaded by igneous intrusions. The Paleo¬ 
zoic Era was brought to a close by a great revolution, in which 
the formation of the Appalachian Mountains was but a part. 

Mesozoic 

The Mesozoic was a much shorter era than the Paleozoic, but 
its history seems to have been more eventful. On both the eastern 

1 The Appalachians consist of two parts: an eastern portion of distorted Archeozoic and 
Proterozoic rocks, and the western region which is formed of folded sedimentary rocks of 
Paleozoic Age. In most places the two are separated by the Great Valley. 
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and western sides of North America there were great crustal 
disturbances, and large quantities of igneous rock were intruded 
and extruded. Over much of the continent desert conditions pre¬ 
vailed for long stretches of time, and it can be safely inferred 
from the nature of the sedimentary rocks that on the whole the 
climates were much drier than they had been during the Paleozoic. 
Although it is assumed that in general the continent stood higher 
than it had in the preceding era, nevertheless there were vast 
floods of sea water. The ocean encroached upon both the Atlantic 
and Pacific margins, and at one time the entire continent was 
cut into two great islands by a broad and shallow sea that ex¬ 
tended from the Arctic Ocean to the Gulf of Mexico. Although 
most of the Mesozoic formations rest upon Paleozoic strata, some 
lie directly upon the ancient crystalline basement of Archeozoic 
and Proterozoic rocks. 

During the entire era the most conspicuous animals were the 
reptiles. The lands were inhabited by dinosaurs, a vast and varied 
race of scaly, dragon-like creatures of diversified habits and sizes. 
Winged reptiles flew through the air; and the waters, both fresh 
and salt, were inhabited by swimming reptiles. During this era 
the birds evolved and also the first mammals, but the latter 
played a relatively insignificant role until the opening of the 
Cenozoic Era. 

Cenozoic 

We are living in the Cenozoic; the life and the geography of the 
era are “modern.” Through the Cenozoic the various continents 
have maintained approximately the outlines that they possess 
today, except for relatively minor advances and recessions of 
the sea. Since Cenozoic rocks are younger than the rocks of the 
earlier eras, they are less compacted and indurated; clays, sands, 
and gravels are more common than the corresponding shales, 
sandstones, and conglomerates. The marine rocks of this era are 
to be found around the edges of the continents, where they were 
laid down by encroaching seas. Within the continent, especially 
in the western states, there are many river and lake deposits. 
These are of many diversified origins, and their type and arrange¬ 
ment indicate that the geography of the continent suffered con¬ 
stant change. Fairly early in the era most of North America was 
eroded, so that much of the land was reduced to a plain; in more 
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recent times there occurred the great uplifts and mountain build¬ 
ing that gave us our modern scenery. The Appalachians and 
Rockies had been mountainous regions before; now they were re¬ 
elevated. West of the Rockies new mountains were formed, and 
older mountains were raised to new heights. Volcanoes came into 
existence, and vast lakes of lava were poured out in the north¬ 
western states. At the same time the vast plateaus of our western 
states were raised to their present position. With the crustal 
disturbance came the great glaciation of North America and 
Europe, which has been described in an earlier chapter (p. 270). 

The Cenozoic is the age of mammals, and until recently the 
lands were inhabited by a far wider variety of animals than we 
know on Earth today. In the fairly recent past, not far removed 
from the early stages of Pleistocene glaciation, the first man 
appeared upon the scene and soon became the dominant animal. 
The revolution that was marked by the advent of man was a 
critical time for life on the lands, for many races became extinct 
and others were forced from their former homes into new regions. 
The mammals which inhabit the globe today are but a remnant 
of the diversified life of the earlier parts of the era. 

EXERCISES 

1. List in chronologic order the geologic events that are represented in Fig. IE. 

2. Prepare a diagram to show the structure of a region in wliich the following 
events took place in the order indicated: (1) a region of schist was intruded by 
granite, (2) the region was eroded until some of the granite was exposed, (3) sand¬ 
stone and then shale were deposited, (4) the rocks were tilted, (5) then eroded and 
(6) finally covered by lava. 

3. You find igneous rock and sedimentary rock close together but cannot see 
them in contact. Prepare diagrams showing that (a) the sedimentary rock is 
older than the igneous (b) the igneous rock is older than the sedimentary. 

4. The oldest known series of rocks found in North America are metamorphic 
rocks which were originally lava flows, sediments, and volcanic ash. Why is it 
not reasonable to suppose that these represent the original crust of the Earth? 

SUGGESTED TOPICS FOR FURTHER STUDY 

Methods of measuring geologic time The Appalachian Revolution 

The Carboniferous Period and the origin of coal 
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Wave Motion 


The words wave motion suggest the well-known waves at sea. 
They remind us of the endless succession of crests and troughs, 
their rhythmic nature, and the apparent constancy of the dis¬ 
tance from one (‘rest to another. We may also be reminded that 
a patch of foam on the water rises on the approach of a crest, 
falls with the arrival of a trough, but on the whole does not change 
its position much. The waves seen travelling across a field of 
wheat in ear, under a gentle breeze, exhibit the same character¬ 
istics. Other forms of wave motion commonly encountered, such 
as a vibrating string, the sounds we hear, the light we see, all 
possess a fundamental similarity to the waves in water or wheat. 

In wave motion we have one of the ways in which energy can 
be transferred from one point to another. If a pebble is dropped 
into a pond, the energy communicated to the water at the point 
where the pebble strikes is transferred to the banks by means of 
little water wavc^'s. If one end of a string is tied to an object and 
the other end jerked, the energy of the jerk is communicated to 
the object by means of a wave which travels along the string. 
If a cannon is fired, the sound energy, travelling in waves through 
the air, often breaks glass windows at a distance from the scene 
of the firing. A blinding flash sends on its way through the ether ^ 
a wave of light energy of sufficient intensity to hurt the retina of 
the eye. 

In the examples of wave motion given above it is apparent 

^ All types of wave motion seemed to require a medium for their propagation. Light 
exhibited the characteristics of a wave motion and yet was able to traverse empty space. 
In order, therefore, to account for its propagation in a vacuum, a medium called the ether 
was postulated. This hypothetical medium was supposed to pervade all space, to be in¬ 
visible, and to have the properties of a perfectly elastic solid. Recent investigations in the 
field of relativity seem to imply that it is not necessary to postulate the existence of an 
ether. 
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that in each a medium is responsible for the propagation of the 
disturbance: water, rope, air, or ether. The medium itself does 
not travel with the energy transferred. The particles of the 
medium do indeed move, but their movement is a ^'back and 
forth’’ motion which leaves the average position of each particle 
very much what it originally was. The wave which travels is 
really the progressively changing form or shape of the medium. 

In Fig. 1 a wave is shown progressing toward the right. A crest 
which at one moment is at a will some time later be at c, not 
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Fig. 1. A TRANVERSE WAVE TRAVELLING TOWARDS THE RIGHT 

because the medium along which the wave is travelling has moved 
from a to c, but be(*ause the particles of the medium at a are 
beginning to move downward at the instant pictured, those 
between a and h are moving upward, and those at h are just 
beginning to move upward. By the time the crest has reached 
the point midway between a and c, the particles of the medium 
at h will have moved upward as far as they can go; and the wave 
will appear as indicated by the dotted curve, a'h'c', The form or 
shape of the medium is moving toward the right while the me¬ 
dium moves up and down, or, at any rate, the particles of the 
medium do. 

Transverse Waves 

The type of wave pictured in Fig. 1 is called a transverse wave, 
because the particles of the medium move at right angles to the 
direction in which the wave is travelling. The distance ac between 
two consecutive crests or bd between two consecutive troughs is 
called the wave length X of the motion; the wave length may also 
be defined as the distance between two consecutive particles in 
the same phase, such as those at h and i. Particles are in the 
same phase when they are moving in the same direction and have 
equal displacements, the displacement at any time being the 
distance from the position of rest of the particle to the position 
occupied by it at the instant in question. In Fig. 1 the horizontal 
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dotted line represents the position of the medium when undis¬ 
turbed and the displacement of the particle at h. The maximum 
value of the displacement ka is called the amplitude of the motion. 

The number of waves that pass a given point in the medium in 
one second is called the frequency n of the motion. If the fre¬ 
quency of a wave motion is 3 per second, the crest a in Fig. 1 
must arrive at the line Pg in 1 second; and therefore a has trav¬ 
elled a distance ag, equal to 3X, in a second. But the distance 
travelled in a second is called the velocity, and we thus obtain 
the formula for the velocity v of a wave disturbance: 

V = nX. 


Example. The daily newspaper lists radio station WEAF as sending out waves 
of frequency 660 kilocycles. To what wave length does tliis correspond? 

Solution. The frequency of the wave from WEAF is 660,000 vibrations per 
second. We also know that the velocity of radio signals is the same as that of 
light, namely, 186,000 miles per second (p. 536). Since 186,000 miles/sec 
= 186,000 X 5280 X 12 X 2.54 = 3 X 10^® cm/sec, we can readily find the 
wave length of the wave sent out by WEAF; 

Since t; = nX, 3 X 10^® = 660,000X 

3 X 10** 

or X = oSc r, \ i ^ = 43,000 cm = 430 meters. 

660,000 ’ 

By the period of a wave disturbance we mean the time it takes 
a particle of the medium to make one complete vibration. During 
the time the particle makes a complete vibration from a to a' and 
back again to a, the crest of the wave has moved from a to c, the 
distance of one wave length. It is evident then that a frequency 
of three vibrations per second means that a given particle of the 
medium makes three complete vibrations in a second and that 
the period is i second. In general T, the period, = 1 jn. Then 
since v = n\, v — 'K/T, 

The vibration of a piano or violin string is an illustration of a 
transverse wave. Certain earth movements are transverse waves 
(p. 479). Similarly, radio waves, heat waves, light waves, ultra¬ 
violet rays. X-rays, and gamma rays (Chapter XXXI), are sup¬ 
posed to be transverse waves in the medium called the “ether.” 

Longitudinal Waves 

In this type of wave motion the particles of the medium move 
back and forth in a direction parallel to that in which the wave is 
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travelling. An example is to be found in the sudden compression 
of a spiral spring. The portion that is squeezed compresses the 
adjoining section, this the next, and so on. The result is a com- 
pressional wave along the spring. As soon as the force which 
caused the original compression is removed, the spring recovers 
and expands backwards beyond its natural position. This ex¬ 
pansion or ^Rarefaction” is propagated along the spring just as 
was the original compression. If the spring is compressed and 
extended periodically at one end, a succession of compressions and 
rarefactions will be sent along its length in a wave-like manner. 

The outstanding examples of longitudinal waves in nature are 
found in earthquakes (p. 479) and in the propagation of sound. 
As an example of the latter, one may choose the vibrating prongs 
of a tuning fork. They communicate alternate pushes and re¬ 
treats to the air molecules in contact with them (p. 512). These 
advances and withdrawals send a series of compressions and rare¬ 
factions through the air, which ultimately arrive at the ear. 
From here, nerves send the impulses to the brain where they are 
registered as sound. That the sound actually requires air or some 
other medium for its propagation can readily be shown by placing 
a bell under a jar from which the air may be pumped. Before 
the pumping begins the ringing of the bell can be heard clearly 
through the jar; but as the pumping proceeds, the sound of the 
bell becomes increasingly fainter and finally cannot be heard at 
all, even though the movement of the hammer can be seen all 
the time. Sound waves will not travel through a vacuum; they 
require a gaseous, liquid, or solid medium for their propagation. 
Familiar illustrations of the passage of this sort of disturbance 
through a liquid or solid are: the hearing of the sound of two 
stones being knocked together under water, or the warning of 
the approach of a train, heard by holding the ear close to the 
rail. 

In both transverse and longitudinal waves the particles of the 
medium undergo a 'periodic displacement. If this displacement 
be plotted against time, the graph is recognized, in a great many 
cases, as belonging to a simple sine function of the type y = a sin x. 

Water Waves 

Water waves exhibit characteristics of both the transverse and 
the longitudinal type. The particles of the medium, in this case 
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water, move in curves which are more or less closed and approx¬ 
imately circular. At the cre.st of the wave the particles are moving 
forward and at the same time beginning to move downward, 
while at the trough they move backward and begin to rise. The 
vertical component of the parti(,*les’ motion is transverse, while 
the horizontal is clearly longitudinal. The particles below the 
surface also take part in the motion, and their paths arc likewise 
approximately circular, the radii of the circles decreasing with 
increasing depth. 

Simple Harmonic Motion 

In transverse as well as in longitudinal wave motion the particles 
of the medium may execute, what is called a simple harmonic 

motion. This type of motion, or an ap¬ 
proximation to it, is very common in na¬ 
ture. Some man-made examples are: a 
weight hanging from a spiral spring and 
oscillating up and down, the back-and- 
forth movement of the pendulum of a 
grandfather’s clock, and the vibration of 
the free end of a rod, one end of which is 
clamped. Of these examples and many 
others that could be mentioned, some are 
simple harmonic motions and some very nearly so. This type 
of motion can be illustrated diagrammatically as in Fig. 2. 
Here the point P represents a particle moving in a circle with 
constant speed. If any diameter of the circle is drawn and a 
perpendicular PM dropped from P onto this diameter, then it 
is clear that as P moves round on the circle the point M will 
move along the diameter through 0 to D, back to 0, on to D' 
and then repeat its journey along the diameter. The motion 
of M is simple harmonic. It is evident that M will have zero 
velocity at D and D' and maximum velocity at 0. On the other 
hand, since at 0 the velocity must be constant for a short interval 
of time, the acceleration at that point will be zero, acceleration 
being defined as rate of change of velocity. At D and D', where 
the motion of M changes from an outward to an inward one with 
reference to 0, the acceleration is a maximum. Also, the fact 
that at D and D' the velocity changes from an outward to an 
inward direction and increases up to 0 and then decreases again 
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suggests that the acceleration must always be directed towards 0, 
the midpoint of the motion. 

The characteristics of simpler harmonic motion may be summed 
up in two points: 

(1) It is a back-aiid-forth motion along a straight lino. 

(2) It is an aoc.elorated motion in whicth tlio actadciration is directed 
towards the midpoint of the swing and has a magnitude propor¬ 
tional to the displacement from that i)oint. 

The midpoint referred to is the normal position of rest for a 
particle executing the simple harmonic motion. In Fig. 2 the 
displacement is indicated by the distance x. A third character¬ 
istic might be added to those above, but it is really a corollary 
of the se(!ond: the aciceleration of a particle is always proportional 
to the force acting on it and has the same direction. In simple 
harmonic motion the particles have a force acting upon them 
directed towards the midpoint of the motion and proportional 
to the displacement of the particle from that point. Since the 
force always acts towards the midpoint it is called a restoring 
force. When the displacements x (Fig. 2) arc plotted against the 
angle 0, the curve is recognized as being that of a simple periodic 
function : x = k cos d. 

The Velocity of Waves 

The formula v = n\ expresses the velocity of a wave in terms 
of the frequency of vibration of the source causing the disturbance 
and the wave length of the disturbance in the medium in ques¬ 
tion. It is usual, however, to express the velocity wdth which a 
wave travels solely in terms of the properties of the medium. 
This may be done if the density and the elasticity of the medium 
are known. By t he latter term we mean that property of the sub¬ 
stance which enables it to regain its original size or shape after these 
have been changed by deforming forces. If the deformation of a 
body is permanent, it has no elasticity. In the case of elastic 
bodies the tendency to recover from a deformation is measured 
by the magnitude of the restoring forces brought into play; and 
the greater these forces are, the greater is the elasticity of the 
body. It stands to reason that great restoring forces mean quick 
recovery of a deformed medium and consequently a great velocity 
of propagation of a wave, which manifests itself essentially as a 
deformation of the medium in which it travels. On the other 
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hand, the particles of a medium of great density, by virtue of 
their great inertia, react tardily to deforming forces and diminish 
the velocity of a wave disturbance. In fact, we know from 
theory, which has been verified by experiment, that the velocity v 
with which a wave disturbance travels through a medium of 
elasticity E and density d is given by the expression: 

In cases where a wave travels on the surface of a liquid, such as 
we have in so-called surface waves, or ripples, or where it travels 
along a string, the formula given above must be modified, so as 
to reflect the existence of forces of gravity and surface tension in 
the first case, and of ordinary tension in the second. 

Wave Front 

In an isotropic medium ^ a disturbance which originates at any 
given point will travel through the medium with the same velocity 
in all directions. All points at which the disturbance arrives at 
a given instant must lie on the surface of a sphere whose center 
is the point at which the disturbance originated and whose radius 
equals vt, where v is the velocity with which the wave motion 
travels in the medium and t is the time which has elapsed since 
the disturbance started from the origin. This sphere is called 
the wave front; it approximates to a plane surface at a very 
great distance from the source. When a wave is restricted to 
travelling in two dimensions, as water waves on the surface of a 
pond, the wave front becomes a circle. 

Huygen’s Principle 

It is not difficult to understand how a wave may start in a 
medium nor why the wave front is spherical, but it is less easy 
to see how the wave front travels from one position to the next 
when these positions may be a considerable distance from the 
source of the disturbance. The difficulty increases when the 
fact is borne in mind that the source has often been removed by 
the time the wave reaches the first of the positions mentioned. 
For example, the report from a gun travels out into space and 
keeps travelling long after the shot is fired. It was the Dutch 

* An isotropic medium is one which has the same properties in all directions. 
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physicist, Christian Huygens (1629-1695), who first offered an 
explanation for this phenomenon. He represented a spherical 
wave front by a continuous circular line (Fig. 3) with the source 
at its center. After a brief interval of time the wave front ad¬ 
vances somewhat farther and is represented by the dotted circle. 
In order to explain how the disturbance travels from the continu¬ 
ous to the dotted position, Huygens assumed that each and every 
point on the old wave front became the 
center of a new disturbance from which 
little spherical wavelets spread out into 
the surrounding medium. The new wave 
front will then be represented by a circle, 
the dotted one in the figure, which is a 
tangent or envelope to all the elemen¬ 
tary wavelets having their centers on 
the old wave front. Only on this enve¬ 
lope will the elementary wavelets not 
annul one another; in every other direc¬ 
tion they will. Two waves will annul 
one another at a given point if their 
displacements at that point are equal and opposite, and the me¬ 
dium therefore remains undisturbed. This will take place, for ex¬ 
ample, if the crest of one wave falls on the trough of another 
similar one. The annulment may, of course, be produced by 
any number of waves and results whenever the vector sum 
(p. 123) of the displacements due to the individual waves is 
zero. 

Reflection and Refraction 

Both reflection and refraction are physical effects common to 
all forms of wave motion. Huygens, using the idea mentioned 
above, that of the wave front being the envelope of many ele¬ 
mentary wavelets, was able to explain these phenomena satis¬ 
factorily in a purely geometrical way. While his treatment of 
the problem is simple and convincing, it will not be given here; 
rather will we defer mentioning the characteristic behavior and 
laws associated with reflection and refraction until the subject 
of light is considered. At that time many everyday illustrations 
may be called upon, and a method even simpler than that of 
Huygens will be used to explain the phenomena. 


FROf^r 



Fig. 3. how an exist¬ 
ing WAVE FRONT RESOLVES 
ITSELF INTO A NEW ONE 
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Interference 

The reference, above, to the annulment of waves brings up one 
of the most characteristic properties of wave motion, namely, 
interference. If a wave train ^ travels through a medium, the 
particles of the medium are displaced in a manner whi(^h has 
been discussed in the preceding pages. If, at the same time, a 
second wave train traverses the same medium, the particles are 
similarly displaced, and in a manner independent of the presence 
or existence of the first train. The net result is that a particle 



R R R 

Fig. 4. the reinpobcement of two waves in phase 


of the medium at a given point will suffer a displaiiement which 
is the vector sum of the independent displacements it would have 
had under the influence of each of the wave trains acting sep¬ 
arately. The principle involved is simply one of superposition of 
displacements. The situation is the same whether two or more 
wave trains pass through the medium simultaneously. At points 
where the individual displacements due to the different waves are 
all in the same direction we have what is called reinforcement. 
Where the displacements are in opposite directions we have 
interference. Positions of reinforcement mean maximum disturb¬ 
ance, for example, increased loudness in the case of sound and 
increased brightness in the case of light. 

Figure 4 shows two similar waves, A (dotted line) and B (full 
line), in phase (p. 499), crest falling on crest and trough on trough. 
There is reinforcement throughout, and the displacement in the 
resultant wave, marked R, is everywhere the sum of the indi¬ 
vidual displacements and therefore equal to double the displace¬ 
ment of either component wave. In Fig. 5 the same waves are 
exactly out of phase, the crest of the one falling on the trough of 
the other. In this case we have complete interference. The re- 

1 A wave train ia a succession of waves. 
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sultant displacement R is again the sum of the individual dis¬ 
placements, but the latter are now in opposite directions and 
therefore cancel. The result of this interference is to leave the 
medium completely undisturbed. 

One of the most interesting cases of interference is to be found 
when two similar wave trains simultaneously traverse the same 
medium in opposite directions and produce stationary, or standing, 
waves. These may be obtained by sending a wave train through 
a medium and then, by placing a barrier in its way, reflecting it 
back upon itself. The reflected train then interferes with the 


6 



A 


Fig. 5. the interference of two waves out of phase 

original one and produces stationary waves. The waves are called 
stationary because at certain points in the medium the displace¬ 
ments due to the incident and reflected waves will always be 
equal and opposite, and consequently the medium will be perma¬ 
nently at rest at these points. They are called nodes. Between 
the nodes the superposition of the two wave trains will be of 
such a nature as to form a crest whose height changes from a 
positive maximum through a zero value to a negative maximum 
and then back again continuously. This rising and falling of the 
crest is not accompanied, however, by any horizontal progression 
of the form of the wave. The absence of this progression has led 
to the term ^^stationary waves.Such waves are formed when a 
stretcdied string is plucked and the incident transverse wave 
reaches the end of the string where the latter is fixed; here the 
wave is reflected back along the string (p. 514). They are also 
formed in an organ pipe when the longitudinal wave, travelling 
down the pipe, is reflected at the end (p. 518). In Fig. 6 the origin 
of stationary waves is shovm graphically. The continuous curve 
(not the one marked R) represents a transverse wave moving 
towards a reflecting surface at the right, and the dotted curve 
shows the reflected wave moving to the left. Four positions of 
these waves as they exist at four successive intervals of time in 
the same medium are indicated in the figure. In (a) the two waves 
are in phase, and the resultant displacement of the medium is 
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given by the heavy line RRRR. In (b) the two components are 
out of phase, and there is no resultant displacement of the medium, 
the heavy horizontal line indicating an undisturbed medium. 
In (c) each wave has moved a distance equal to half a wave length 
from the position occupied in (a), and the two are again in phase. 



Fig. 6. the formation of stationary waves 


The position in (d) is similar to that in (b). If attention is focussed 
on the resultant wave, it will be noticed that at the points marked 
N the medium is always at rest. These points are the nodes. 
At the points marked A the displacement of the medium varies 
from a positive maximiun, through zero, to a negative maximum 
and back again. These points are the antinodes. It will further¬ 
more be observed that the resultant wave RR does not progress 
either to the right or to the left. In that sense it remains station¬ 
ary. All that happens is that its amplitude changes from a positive 
maximum, through zero, to a negative maximiun and back again. 

Interference phenomena are so easily explained on the basis of 
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a wave theory that their existence is forthwith looked upon as 
indicating the existence of waves—waves along a string, waves 
on the surface of a liquid, waves in a gas in the case of sound, or 
waves in the ^^ether^’ in the case of light. The beautiful colors 
seen in a soap bubble, in a thin film of oil on the surface of water, 
or in the film of oxide formed on a steel rod after heating are 
familiar examples of interference of light. 

The Doppler Effect 

This general property of wave forms might be crudely described 
as an increase in the frequency of waves as one heads into them 
and a decrease in frequency as one runs away or recedes in the 
same direction as the waves. It has many important applications 
in astronomy. In everyday life the phenomenon is familiar in 
connection with sound waves, and for this reason its detailed dis¬ 
cussion is deferred until the next chapter. 

EXERCISES 

1. A certain broadcasting station sends out its news on a wave length of 25 
meters. Calculate the frequem^y of these waves. What will be their period? 

2. Yellow light has a wave length of 5890 Angstrom units (1 Angstrom unit 
= 10“^ cm). Calculate the frequency of this light. 

3. The amplitude of a particle executing a simple harmonic motion is 10 cm. 
Calculate the ratio of the restoring force exerted on tliis particle at the extremity 
of its swing to that exerted on it when 2 cm from the extremity. 

4. What effect will the following changes in the properties of a medium have 
on the velocity with which a wave is transmitted through it? 

(а) the elasticity remains unchanged, and the density becomes four times 
as great, 

(б) the elasticity and the density both become twice as great, 

(c) the density remains unchanged, and the elasticity is doubled. 

5. A wave train travels towards a barrier where it is reflected back upon itself. 
The distance between a node and a neighboring antinode is 3 ft. What is the 
wave length of the wave train incident on the barrier? 
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Sound and Acoustics 


The previous chapter has set forth some of the fundamental 
characteristics that are common to all wave motions. Each 
particular sort of wave (e,g.y light, sound, radio, etc.) has, also, 
its own set of special properties or characteristics, which are 
usually connected with particular modes of producing, trans¬ 
mitting, or receiving the waves. It is these special properties of 
sound that are the subject of the present chapter. 

The study of sound may be simplified by dividing the subject 
into three parts: Firsts there is the actual source or production of 
the sound. Every sound which we perceive, when traced back 
to its source, will be found to originate in some disturbed or vi¬ 
brating object. The strings on the various instruments of an 
orchestra or the vo(*al chords in the throat of a singer produce 
effects which we call pleasant; a rusty hinge or the wheels of a 
rolling freight train produce sounds that are (tailed noise—but 
all have their origin in some disturbed source. 

Secondly, we note that the sound must travel from the source 
to our ears in order to be interpreted, and this involves some 
mediuyn for the transmission of sound. The medium which we 
immediately associate with sound is air, but this docs not mean 
that it is the only one that will act in this capacity; others were 
mentioned in the previous chapter. It is not very diflScult to show 
that any material which has elastic properties will transmit sound. 
Elasticity is possessed by solids and liquids as well as gases, and 
hence they can all act as media for sound propagation. 

Some simple cases of sound transmission involving the three 
states of matter (solid, liquid, and gas) are shown in Fig. 1. Care¬ 
ful consideration of these simplified diagrams will show that there 
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are often several media through which the sound impulses must 
travel in their passage from the source to the observer's ear. 

Lastlyy there is the reception of sound which is usually taken to 
mean the effect produced by the waves on the ear of the person. 
One may let the waves fall on an instrument which is sensitive 
to them and thus measure or record them; but only when they 
fall on the ear and produce a sensation ^ which is recorded by the 


Thin wire medium 






Vibrating tuning fork 



Transmission of sound 
along a wire 


Ocean bottom 
Depth sounding 


Fig. 1. ILLUSTRATING THE TRANSMISSION OF SOUND THROUGH SOLID, LIQUID, 

AND GAS 


brain, do we say they have been heard. The a(*.tion of the ear and 
the brain in receiving and interpreting air waves is only partly 
understood at the present time; we shall defer discussion of this 
phase of the subject until more has been said about the produc¬ 
tion and transmission of sound. 

The Velocity of Sound 

It is fairly easy to demonstrate (p. 501) that the air acts as a 
medium for sound transmission. The amount (intensity) of 
sound transmitted as well as the velocity of the waves depend 
upon the elastic properties and the density of the medium. From 
Table I, giving the velocities of sound in some common media, 
it will be seen that the velocities are greatest in solids, which is 
what one would expect since their elasticities are normally higher 
than those of liquids or gases. 

Nature of Sound Waves 

The type of wave motion involved when sounds are transmitted 
through media is compressional or longitudinal (p. 500), since the 
particles of the medium perform a back-and-forth motion in the 

* There arc many sound waves (called supersonic) in the air which can be recorded by 
instruments, but to which the ear is not sensitive. 
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TABLE I 

VELOCITIES OF SOUND IN DIVERSE MEDIA 


Substance 

Temperature (®C) 

Velocity {ftfsec) 

Brass 

15 

1H80 

Copper 

20 

11670 

Copper 

100 

10800 

Iron (steel) 

15 

16410 

Lead 

20 

4026 

Brick 

15 

11980 

Cork 

15 

1640 

Glass 

15 

18050 

Oak wood 

15 

12620 

Alcohol 

20 

3980 

Water 

20 

4794 

Air (dry) 1 atmos 

0 

1088 

Air 50 ‘‘ 

0 

1098 

Air 1 

20 

1129 

Air 1 “ 

500 

1814 

Water vapor 

0 

1315 


direction of wave travel. It is customary to represent such longi¬ 
tudinal waves by transverse wave pictures, meaning by this that 
the transverse displacements shown in the diagrams represent 
the actual longitudinal displacements occurring in the medium. 



Fig. 2, a vibrating tuning pork sends out sound waves in the air 


The waves are longitudinal (compressional), and the displacements of the air 
molecules from their mean positions are plotted below as ordinates. A sine curve 
results. 

Using such a method of representation, it may be said that a 
pure tone exists when the displacements follow a simple harmonic 
motion which can be represented by a sine wave (Fig. 2). The 
nearest approaches to such ideal wave forms come from tuning 
forks, organ pipes, or carefully designed electrical oscillating 
circuits as used in electric organs. 
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Sound Characteristics 

Three characteristics often used to describe sound waves are: 
intensity, pitch, and quality. The first of these is interpreted by 
the ear as loudness' and is found to depend upon the amplitude 
or maximum displacement of the particles of the medium from 
their equilibrium positions. The pitch of a note enables us to dis¬ 
tinguish one from another in the sense of being higher or lower. 
This characteristic is associated with the frequency, or the number 
of waves emitted by the source in one second. Nearly everyone 
has at some time or other held a card or stiff reed against the 
spokes of a bicycle wheel and found that the note produced 
becomes higher in pitch as the speed of the wheel and, therefore, 
the number of sound waves per second, increases. The frequencies 
to which the ear is sensitive vary from about 20 vibrations per 
second to 20,000, the middle C of a piano keyboard having a 
frequency of 256.^ ^ 

The last of the charac+eristics mentioned above concerns tone 
quality, the meaning of ^^hich w'i]’ perhaps be best understood if 
we refer to the well-knr n fact ihat it is not difficult to tell the 
difference between the ;unds of the same note when played on a 
violin, horn, clarine' ate, oboe, etc., or again, the same note 
played on the same /iolin by Kreisler and then by one of his 
pupils. It must bo evident that we are not dealing here with 
simple or pure tones, because two similar pure tones having the 
same intensity would sound exactly alike. It is possible to ex¬ 
amine the wave shapes of the same notes as produced on the 
various musical instruments, and one then finds that they are 
different. The differences in ojuality are thus connected with 
differences in wave form. 

An interesting mathematical study of complex wave forms has 
been made by Fourier. According to his analysis a complex wave 
that is periodic can be thought of as the sum of a whole series of 
pure waves all related to one another. The series of component 
wave frequencies consists of a fundamental and a set of overtones, 
of which the fundamental frequency is the one that gives the 
sound its characteristic pitch, and the frequencies of the over¬ 
tones are related to the fundamental in the ratio of simple whole 

* Modern practice in American orchestras is to use “orchestral” pitch which is based on 
A, having 440 vibrations per second. In this case middle C has a frequency of 264 vibrations 
per second. Physicists still prefer to use C « 266 vps as a basis for discussions concerning 
the musical intervals. 
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numbers, i.e., 1:2:3:4:5, or 1:3:5:7, etc. In Fig. 3, F represents 
the fundamental and Oi Oj Oz the overtones.^ By Fourier’s 
method any periodic wave form which produces a sound effect 
in our ears can be resolved into a fundamental together with 

overtones. The amplitude of 
each overtone and the number 
of such overtones are responsi¬ 
ble for the “quality” of the 
sound, i.e., for the extent to 
which the fundamental is mod¬ 
ified. A number of physical 
instruments are now available 
which permit the analysis of 
complex sounds into compo¬ 
nent wave.s. Other instru¬ 
ments make it possible to pro¬ 
duce such complex waves from 
fundamentals and their over- 
./iiet 

Produ on of Sound 

Fio. 3. FOUItlEll ANALYSIS 

A (complex wave form can bo analyzed The I jrces of sound are 
and shown to be the sum of simple waves i i n 

having frequencies in the ratios of 1:2:3, Very nu. erpus, and We shall 

confine ourselves to a discus¬ 
sion of relatively few, namely, the familiar musical instruments 
and the voice. Except for the percussion group, all musical 
instruments used for orchestral purposes fall under the heading 
of either vibrating strings or vibrating air columns. The rudi¬ 
mentary analysis of the sounds they produce requires a general 
study of the properties of these vibrating sources. 

Vibrations of a String 

When a string is stretched between two points and a series of 
transverse waves is sent along it, stationary waves may be pro¬ 
duced (p. 507). The simplest type of stationary wave results 
when the string vibrates so that nodes exist at each end A and B, 
Fig. 4(a); this mode of vibration is the fundamental of the string. 
The wave length X of the fundamental is equal to twice the 
length of the string L. It is easily shown by placing the finger at 

1 The overtones are also called “ upper harmonics,” as may bo noticed in the figure. 
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points C or 7), and thus making these points also into nodes, 
that the string can be made to vibrate in two or three segments 
[Fig. 4, (b) and (c)]. The notes coming from the string in the 
three arrangements shown in Fig. 4 would have frequencies related 
to one another in the ratios 1:2:3. 

The actual frequency or pitch of the fundamental 7 if depends 
not only upon the length of the string but upon the tension and 
mass as well. This follows from the fact that: 


n/ 


velocity of the wave along the string 
wave length 




and the velocity of a transverse wave in 
a string is given by: 

V = V Tjm 

where T = tension and m is the mass 
per unit length of the string. Since the 
wave length of the fundamental vibra¬ 
tion is fixed at twice the 1( Hh of 
string, the frequency becom 


Fundamental 




First overtone 






-L. 

(b) 


rif 


VTIm _ V Tim 




X 2 L 

From Fig. 4 it is evr’ that \ = L, 
iL, iL, etc., for the , second, third, 
etc., overtones. These values, when 
substituted for X in the foregoing equa¬ 
tion, give the frequency relationship „ y , 

of the overtones. It also becomes clear V 4 '^ genera ormua 
may be written which gives the frequency ® ^ 

this string; / 


Second overtone 

A. - 

r/7};v77y/7y/~/7/ 

U _• t - 7 

Fig. ■'* JtATIONAT WAVES 

.actions ^ 




where n = frequency of the tone number of segments into 
which the string is divided, L ^ngt ’« of string in ems, 

= tension in the string in dynes, S = ni:‘SS per unit length (grams 

per cm). , 

Suppose the fundamental is tuned (0 256 vibrations per second 
(middle C on the piano). The first overtone will have 512 vibra- 
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tions per second and will sound as the octave C'.^ The second 
overtone will have 768 cycles per second and will not sound as 
an octave above C' but rather as G'. The third overtone will be 
4 X 256 = 1024 vibrations per second, which will be the octave 
above C' (hence C"). Actually, when a string that has been 
bowed (violin) or struck (piano) vibrates, the fundamental 
together with several overtones will exist at the same time. The 
composite wave form is characteristic for the instrument and is 
chiefly responsible for the quality of the sound. 

Resonators 

A vibrating string, by itself, is not a good sound producer, 
because the amount of air which it sets into motion is very small 
and the sounds are therefore feeble. All stringed instruments are 
provided with a resonator or sounding board, the purpose of 
which is to increase the volume of sound by putting large amounts 
of air into motion. A simple tuning fork, after being struck, has 
to be placed close to the ear in order to be heard; but if the handle 
end is brought into cont4(?t with a table or similar large surface, 
the volume of sound pro.luced amplified sufficiently to be 
heard in a large room. The ; board of a piano and the 

be of a violin or cello serve the sl i purpose. These resonators 

are Sv' into forced vibration by an exte al source. Besides vibrat¬ 
ing m ■, manner every resonator ha'N'its own free periods of 
vibration, ... sponding to the frequei iies which it will emit 
in the form of ^ performing free vibrations. Sometimes it 

happens that % forced and free vibrations agree (resonance 
on; th/leri g vibrations are amplified to an unusual 
egree by tnte res.^^ ^r. Tuning forks are usually mounted on 
o ow resonance ^ 4 jgrg of such dimensions that one of the 
resonator frequence the same as the fundamental of the fork. 

is results in a large of sound even for small vibrations 

o e ork. A further ^ \>age in mounting a tuning fork on a 

Testator is found in the . hat any overtones which are present 
m the vibrations of the fe . not amplified nearly as much by 
e resonator as is the fui ental, and hence a purer wave 
shape (tone) results. \ . 

The principle of amj^fication by resonance finds application 
no on y in sound but al^o in other wave phenomena. As an 

‘ Frequencies that are related to oni» another as octaves are in the ratio of 1:2. 
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illustration, one may cite the case of a column of soldiers march¬ 
ing across a bridge. They are invariably told to break step. It 
has happened that a bridge collapsed while a column of soldiers 
was marching across, due not to the weakness of the bridge but 
rather to the fact that the frequency of the stepping soldiers 
corresponded with a natural frequency of the bridge. The result¬ 
ing resonance vibration had disastrous consequences. 

The Violin 

This and the other bowed-string instruments usually consist of 
four strings mounted between two projecting edges. An exami¬ 
nation of the equation giving the frequency of vibration of a 
string (p. 515) shows that the frequency can be changed by any 
of three factors: the length of the vibrating section, the tension, 
and the mass per unit length of the string. The tension of strings 
can be varied by means of rotating pegs on which they arc wound. 
The manufacturer constructs the strings with a certain mass per 
unit length, so that when the string is tuned for concert pitch the 
tension will not be great enough to break the string and yet the 
latter will not be too loose and flexible for proper operation of the 
bow. The only other way in which e frequency of the note can 
be varied is by changing the length c!. vibrating part. A finger 
board is provided for this purpose, .. . . the length is varied by 
placing the fingers in the correct positions. In order to keep the 
string vibrating properly and continuously, a bow is drawn 
across it. Rosin applied to the bow helps to produce friction; the 
bow at first will draw the string aside, and when the restoring 
force becomes large enough the string slips back toward, and past, 
the equilibrium position. When the velocity of the string has 
decreased sufficiently the bow takes hold again and the process is 
repeated. Great skill is required in the use of the bow so that the 
vibrations will remain u-iiform during the length of a stroke. The 
position of the bow along the length of the string is also important, 
the reason being that the production of overtones, which govern 
the quality of the sound, depends upon the position of the bow. 

In instruments of this kind the vibrations of the strings are 
transferred through a “bridge” and sound post to the front and 
rear surfaces of the body which acts as resonator. The transfer 
should be in the nature of forced vibrations, and for this reason 
the free period of the body is usually made low enough so that 
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none of the notes played will be amplified by sympathetic reso¬ 
nance and thus produce over-amplification. In poorly constructed 
instruments such over-amplified notes (“wolf tones”) occur 
frequently. 

The Piano 

The strings of a piano are made to vibrate by being struck with 
a padded hammer. Once the strings have been tuned, their 
frequency cannot be changed; and consequently a (complete set 
of tuned strings is needed for the notes of a piano keyboard. The 
vibrations are passed on to the sounding board, setting up forced 
vibrations in it. The large surface of the board in turn sets much 
air in motion, thus producing a much larger volume of sound. 

An analysis of the sounds from a piano has shown that they 
are rich in overtones; particularly is this true of the low notes. 
The chief characteristic which distinguishes piano tones from 
those of the stringed instruments which are played with a bow 
is that many notes can be combined into chords, which in turn 
can be made to modulate and shade readily from one into another. 
By means of photographic analysis of their wave shapes, D. C. 
Miller has shown that the ones produced by the hammers of a 
piano as they strike the ngs (always with the same loudness) 
do not depend upon the ,*ianner in which the keys are struck or 
what is usually termed “touch.” The difference between the 
piano playing of an artist and that of an amateur is to be found 
rather in the phrasing of the music, proper control of the intensity, 
pedalling, and in the timing of the beginning of the individual 
notes and chords, all of which help in producing the “tone color” 
of a piano. 

Vibrating Air Columns 

Before describing the wind instruments that are used to 
produce sound, it will be well to consider some of the general 
properties of vibrating air columns on which all of these musical 
instruments depend. Let us begin with a pipe, closed at one end, 
with a compressional wave entering from below at the open end 
(Fig. 5A). The wave will travel to the top and be reflected 
downward. If on the way down it meets another similar wave 
travelling up, stationary waves will be produced. The upper end 
of the pipe constitutes a node and the lower end a loop, hence 
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the fundamental mode of vibration of the air in this column has 
a wave length X = 4L, the pipe having a length corresponding 
to a quarter of the wave length. It is also possible for the air in 


Fig. 5 . some modes of air vibration 
IN A “closed'^ pipe 
The frequencies are related as 1:3:5:7, 
etc. 



the pipe to produce standing waves by responding to other com- 
pressional waves entering it. The first, second, and third over¬ 
tones of the fundamental are represented at B, C, and D and 
occur in such a way that the top and bottom of the pipe always 
represent a node and loop, respectively, giving wave lengths of 
^ g ^ (j iL, iL, and fL for the various 
n I J > 1 N ^ overtones. 

I ^ I \ / Now since frequency = vcloc- 

I \ / / \ y ity/wave length, the various fre- 

I \ / / \ \ / quencies which are characteristic 

7* ^ ^ y of the pipe will be: 

i / \ \ / ^ V V V V , 1 o ^ 

; \ X ^ ^ TT’ Or 1 6 -j-=ry 

: \ ' ^ V \ / 4L |L iL iL 4L 4L 

hi 11 1 r ' K N 5-r^t 7-“^ and they are in the 


7v=2L ^-3 raiiQ i:3:5:7^ etc. If the funda- 

DucED IN AN OPEN PIPE mental frequency was tij then those 
The frequencies are related as corresponding to 2n, 4n, GUj etc., 
1.2.3.4, etc. jQjgg^Qg^ which means that only 

the odd-numbered overtones in the harmonic series may be pres¬ 
ent when a colunrn of air vibrates and sound is produced in a 
"closed” pipe. 

In a similar way one can calculate which frequencies are pos¬ 
sible for the column of air in an open pipe (Fig. 6). Here the 
two ends of the pipe must both act as loops, since in these re¬ 
gions the air molecules have their maximum displacements. 
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The fundamental mode of vibration will occur when \ = 2L 
(Fig. 6i4), and additional stationary waves may be produced 
2L 2L 2L 


when X = 


, etc. Hence the frequencies are related to 
o 4 


each other in the ratios ^*2 1:2:3:4, etc. 

It is seen that the column of air in an open pipe can vibrate with 
all the harmonic frequencies, whereas that in a closed pipe can 
resonate only in odd harmonics. The sounds 
^ca^for*^ coming from open and closed pipes must there¬ 
fore differ in quality because of the presence of 
the different harmonics. 


I" 


tuning 



Opening 


The Organ 

In organs ^ there are many sets of pipes of 
different sizes. The short pipes give the high 
notes, as would be expected from the relation¬ 
ship n = v/\j whereas the longest pipes (some¬ 
times 20 feet long) sound the lowest bass notes. 
Besides this, some of the pipes are open and 
others closed, so that different overtones will 
be produced. Experience has shown that fur¬ 
ther slight changes in the quality are pro¬ 
duced by making the pipes of different ma- 
Fig. 7. CROSS SEC- terials, wood, lead, aluminium, etc, A 
TioN OF A CLOSED typical organ pipe is shown in Fig. 7. The 
air entering from the blower passes through 
the small opening from below, and a compressional wave travels 
up the pipe. When this wave has been reflected from the top 
and again reaches the bottom, the entering stream of air will 
be made to blow out of the pipe instead of up. In this way a 
steady stream of air coming from below is changed into a series 
of puffs which keep the air column vibrating. 

The Flute 


This instrument consists simply of an air column which is 
kept vibrating by properly adjusted puffs of air from the lips of 
the player. The puffs are directed across and into a small hole 
at one end. The pitch of the notes is determined by the length 

* Electric "organs" have recently been introduced; they contain no pipes at all. The 
sounds which simulate pipe-organ music are produced by electrical oscillating circuits. 
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of the vibrating air column, the latter being changed by opening 
or closing holes along the cylindrical tube of the instrument. The 
tone of the flute is characterized by its purity and lack of over¬ 
tones, and it is because of this quality that its sounds blend so well 
with those of almost all other instruments. 

The Clarinet and Oboe 

These instruments have air columns which can be made to 
sound by getting a single reed (clarinet) or a pair of reeds (oboe) 
at the end of the column to vibrate. The reeds are set in motion 
by puffs of air from the lips of the player. The fundamental 
frequency of the sounds is determined by the length of the air 
column, but the operator controls the quality (degree and number 
of overtones) almost unconsciously through the shape of the lips 
and the intensity of the puffs of air he directs at the reed. As in 
the flute, the length of the air colunm is controlled by opening 
and closing holes along the barrel. A study of their sounds shows 
that the clarinet behaves very much like a vibrating air column 
in a pipe open at both ends, whereas the oboe simulates a pipe 
closed at one end. 

The Brass Instruments 

These are conveniently grouped under one heading since the 
method of operation is the same for all, different results being 
obtained because of different physical dimensions. Each consists 
of an air column, the length of which is determined by the tubes 
through which the vibrations must pass. The column begins at 
the mouthpiece and continues to the bell-shaped end. The player 
flexes his lips across the mouthpiece and forces puffs of air through 
them. These puffs start the air column vibrating at its funda¬ 
mental frequency or one of the overtones, depending upon the 
position of the lips and vigor of the puffs. Notes between the 
overtones are obtained by changing the length of the air colunm. 

The Voice 

The voice mechanism may be looked upon as a musical instru¬ 
ment consisting of three parts. Firsts as a source of air we must 
consider the lungs and their associated parts, which send a 
stream of air up through the throat. The proper control and 
production of a steady stream of air is the first requirement of a 
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good singer or speaker. The second part consists of the vocal 
cords or vibrators. These are a pair of muscular membranes 
fastened to the walls of the throat canal but free in the center so 
as to leave an opening called the glottis. In ordinary breathing, 
the glottis remains open and the vocal cords wide apart, but for 
the production of sound the muscles come into play, stretching 
the vocal cords so as to leave a small slit which sets into vibra¬ 
tion the air rushing through it. The vibrating cords are thought 
to be largely responsible for the pitch of the sound. The third 
part of the voice mechanism consists of the resonance chambers 
in the throat, mouth, and nose. By changing their shape or by 
changing the amount of air passing into each, a wide variety in 
the quality of sound is possible. 

The Ear 

Thus far we have discussed the first two parts of the subject of 
sound, namely, the -production and transmission of the waves; 
we have considered sources of music and other sounds and the 
media in which they are propagated. It remains to study the 
receiver of such waves, the human ear, which interprets them as 
sound. While this study should include mention of the function 
of the nerves which transmit the impulses from the ear to the 
brain and also the important function of the brain in interpreting 
these vibrations, such matters are beyond the scope of this text, 
and we shall confine ourselves here to the more physical aspects 
of the reception of sound by the ear. 

Figure 8 is a diagram of a section through the human ear. The 
sound waves entering the large tnunpet-shaped part R of the 
outer ear go down the canal G and fall on the ear drum T, setting 
it into vibration. The middle ear contains a set of jointed bones 
which act as a system of levers, connecting the outer with the 
inner drum or oval window 0. The part of this lever system which 
is connected to the outer ear drum is called the hammer and the 
jointed parts the anvil and stirrup. Collectively they are termed 
the ossicles. It is estimated that the lever system in the ossicles 
magnifies the force exerted by the sound waves on the ear dnom 
as much as 60 times. The stirrup is attached to the oval window 
O of the inner ear. This in-ner ear, which ends in the oval window, 
contains all the nerve endings that transmit the impulses to the 
brain. The sound waves entering the outer ear set the ear drum 
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into vibration. This motion is passed along by the ossicles into 
the inner ear, whence an impulse is transmitted to the brain. 
Although this is the normal process of hearing, it appears that 
certain steps in it may be seriously impaired, yet without com¬ 
plete loss of the auditory function. Even if the outer and middle 
ear no longer function properly, it is still possible to transmit the 
vibrations into the inner ear by arranging to pass the frequencies 



After Fletcher, and Hearing^ courtesy of D, Van Nostrand Company. 

in the original sound through the bony structure of the skull 
instead of through the ear drum. Only if the inner ear stops 
functioning does complete deafness set in. 

The construction of the normal ear is such that it limits the 
lowest frequency to which it will respond to about 20 vibrations 
per second. The highest frequency is limited by the inertia of the 
various parts of the ear, which are caused to vibrate by the in¬ 
coming sound waves. This upper limit varies considerably among 
normal ears, being of the order of 16,000 vibrations per second; 
but frequencies as high as 25,000 or more can be heard by some 
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people. The curves shown in Fig. 9 represent the results of tests 
carried out on many people to determine the hearing of a ^ ^nor¬ 
mal'' person. The ordinates represent the pressure changes pro¬ 
duced by sounds of various intensities. The scale extends from 
sounds which arc too weak to be heard to those which are too 
loud for comfort. Along the axis of abscissas are plotted fre¬ 
quencies of the notes used in the tests. The curve A represents 
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Fig. 9. audibility curves of the normal ear 
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the threshold of hearing, which means the pressure changes 
necessary so that the ear can just hear the sound. The curve 
shows that the ear is most sensitive for frequencies in the neigh¬ 
borhood of 2000 vibrations per second. The curve \B, on the 
other hand, gives the maximum pressure changes which the ear 
can stand. All sounds which the ear can interpret must therefore 
fall in the region between A and B. The pressure changes and 
frequencies involved in ordinary speech are shown shaded in 
Fig. 9. 

Loudness and Intensity 

When one speaks of the loudness of a sound it is with reference 
to the human ear, and this involves the interpretation of the 
original sound waves by the brain of the observer. Since the 
physiological processes involved in such an interpretation are 
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extremely complex, a question might be raised as to whether the 
ear would interpret a definite increase in the amount of sound 
falling on it as a proportionate increase in loudness. Experiments 
show that the response of the ear is not directly proportional to 
the sound intensity ^ but more nearly proportional to the loga¬ 
rithm of the intensity. This means that if the intensity of the 
sound has been increased tenfold, the loudness, as interpreted by 
the ear, has been approximately ^ doubled. For this reason engi¬ 
neers have established a scale of loudness based on the logarithmic 
relationship, the unit being called the decibel.^ Table II gives 
an idea of the loudness and intensity of some familiar sounds. 

TABLE II 


Approx. 

Charifjes in Air 
Pressure 
dynes/sq cm 

Loudness 
in Decibels 
{above the 
threshold 
of hearing) 

111 

Type of Sourul 

1000 - 

130 - 

10'> - 

threshold of painful feeling 




while listening 

— 

120 - 

10^ 


100 - 

110 - 

Uyi - 

upper limit of useful hearing 

— 

100 — - 

102 


10 - 

90 - 

10 


— 

80 - 

1 - 

noise in N(iw York subway 

1 — 

70- 

10 1 - 

noivsy off ice with typewriters 

— 

f)0 - 

10-2 

average business street 

0.1 - 

50 - 

10 3- 

average radio at home 

— 

-10 - 

10 ^ 


0.01- 

30 - 

10 ^ 



20 - 

\() c, - 

faint whisper a few feet away 

0.001 - 

10 - 

10 ' - - 

rustle of leaves in a breeze 


0 - 

10-s - 

threshold of hearing 


Musical Intervals 

Our ears are called upon not only to distinguish between soft 
and loud sounds, but they are also required to pass on the pleasant 
or harmonious aspects of music. In judging the latter charac- 


^ The intensity of a sound wave is defined as the energy (ergs) passing normally through 
1 square centimeter per second. 

It has been found that the loudness-intensity scale is not simple; variations depend 
mainly upon the sound intensity but also on the frequency and quality of the tone. 

^ The difference in loudness in decibels is defined as L-^Lq — 10 logio f decibels, when 

I and Iq are two values of the sound intensity. 
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teristics of sound, wide differences of opinion are, of course, 
possible. Nevertheless, most people will agree that some notes 
when played together are harmonious and others are not. The 
question arises: What determines which notes harmonize and, 
in the case of a discord, to what extremes can a compos((r go 
without offending our aural sensibilities? These are largely sub¬ 
jective matters, and perhaps it will be best merely to present the 
experience of the past with regard to the first point. 

A musical interval is defined as the ratio between the fundamental 
frequencies of two musical tones. The higher frequency is usually 
put in the numerator. The ear interprets certain combinations of 
pure tones as being pleasant or harmonious. It is found by experi¬ 
ment that the frequencies of the harmonious (or consonant) 
combinations usually bear a simple integral relationship to one 
another. The commonly used musical intervals are therefore 
made up of tones which are harmonious and whose frequencies 
bear some integral relationship to one another. The octave repre¬ 
sents the simplest musical interval, since the ratio of the fre¬ 
quencies is 2:1. It is relatively easy to show that when men and 
women sing in unison the frequency of the soprano note is twice 
that of the tenor. The main consonant intervals and the ratios 
of the frequencies are: 


octave. 

... .2:1 

major sixth. 

. 5:3 

fifth. 

....3:2 

minor sixth. 

. 8:5 

fourth. 

... .4:3 

major tone. 

. 9:8 

major third. .. . 

... .5:4 

minor tone. 

.10:9 

minor third. .. . 

....6:5 

diatonic semitone. .. 

.16:15 


Since the octave is the most natural musical interval among 
all human beings, it has been the universal starting point for the 
construction of musical scales, i.e., the division of this interval 
into smaller steps or degrees called notes. There has been no 
uniform method of subdivision; the notes which were appropriate 
to express the moods of various peoples on different occasions 
were made to fit into this octave. Some of the musical scales 
follow: 

(o) The pentatonic scale has the octave divided into five notes, 
hence the name. The intervals which are involved can be 
judged by playing the black keys in an octave on the piano. 
This scale is used in African, Chinese, and Scottish melodies. 
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(6) The diatonic scale is the one with which we are most familiar. 
It is based on the harmonic series, consisting only of fre¬ 
quencies which are related to one another as are small integral 
numbers. Beginning, for example, with a very low note 
having 64 vibrations per second and then using only notes 
whose frequencies are related to this in the ratios 1:2:3:4:5, 
etc., one can construct a scale so that the usual consonant 
intervals are obtained from its notes. Such a scale, for any 
octave, will be made up of eight whole tones and four semi¬ 
tones related to one another in the manner shown in Table III 
for the octave between C(256) and C"(512). In this 12-tone 
scale consecutive whole tones have intervals of either 10:9 
or 9:8 between their frequencies, and the semitones are 
related as 16:15. There are difficulties connected with this 
scale in the sense that one does not always find a note having 
exactly the right frequency when beginning with some of 
these notes as the first note of the scale and using the same 
series of intervals. The difference in frequency, however, is 
usually so slight that the 12-tone diatonic scale is considered 
to be satisfactory. 

(c) The equal-tempered scale. In view of the aforementioned 
difficulty, that the 12 notes do not always have the right 
frequency when one begins the scale on certain of the notes, 
it was suggested that the octave be divided into 12 equal 
intervals so that no difficulty would be experienced in trans¬ 
posing a melody from a scale based on one note to the next. 
This meant destroying the harmonic series and brought with 
it the loss of some harmony or consonance so far as the experi¬ 
enced musician is concerned. Yet the difference between this 
scale and the diatonic scale is not sufficient to sound objec¬ 
tionable to the average ear, and hence it is the scale commonly 
used in tuning pianos and other constant-pitch instruments. 
In this scale the interval between the octave (2:1) is divided 
into 12 equal intervals such that the ratio of frequencies 
between any two consecutive notes, called semitones, is the 
same. This being the case, the interval between consecutive 
semitones must have a ratio r = ***^2 = 1.0595 because r'* 
must be equal to 2, i.e., must produce a doubling of the 
frequencies. 

As will be seen from the table, the frequencies of the 12 notes 
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TABLE III 

Diatonic Scale Equal-Tempered Scale 


frequency 

interval 

ratio to 0(256) 

frequency 

c 

256 -1 


1.000 

256 

C# 

272 

. 9/8 

1.059 

271 

I) 

288 ■1 


1.122 

287 

m 

304 i 

.10/9 

1.189 

304 

E 

320 

.16/15 

1.260 

322 

F 

341A 


1.335 

342 

F# 

352 

. 9/8 

1.415 

362 

G 

384 - - 


1.499 

384 

G# 

400 

' .10/9 

1.588 

407 

A 

426!f_.__. 


1.683 

431 

A# 

448 

. 9/8 

1.783 

456 

B 

480 


1.889 

483 

C' 

512 

.16/15 

2.000 

512 

in an 

octave between C(256) and C'(512) of an equal-tempered 


scale are not very different from those of the diatonic scale. 


The Doppler Effect 

In many cases of transmission of energy by means of waves 
the source and receiver are fixed in position with respect to one 

another, e.gr., a radio sending sta¬ 
tion and a stationary radio re¬ 
ceiver. Under these conditions 
the frequency of the waves as re¬ 
ceived is the same as that emitted 
by the source. It is not an un¬ 
common occurrence, however, to 
have either the source or the receiver, or both, in motion. When 
such motion leads to a separation or a closer approach of the two, 
the frequency of the wave motion, as received^ undergoes an appar¬ 
ent change. This is known as the Doppler effect. Many common 
illustrations might be given. For instance, the pitch of the whistle 
on a passing locomotive ^^howls down'^ as the engine recedes from 
the observer. This is not merely due to a reduction in loudness as 
the source moves farther away but is an actual drop in pitch. The 
whine of a bullet through the air falls in pitch as the bullet whizzes 
past an observer. In these instances the source is moving with re¬ 
spect to the observer, but a similar change in frequency is noted if 
the latter moves and the source stands still. The explanation for 
this effect follows directly from the wave-like nature of the phe- 


k-- V —> 


Fig. 10. DOPPLER effect due to 

RECEIVER MOVING TOWARD SOURCE 
OF WAVES 
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nomena. Suppose we assume a direct approach of the observer 0 
(Fig. 10) to a source of sound S that makes n vibrations per second. 
Let the distance from A to 0 be V, the distance that sound travels 
in one second. Between A and 0 there are n waves which will 
reach the observer in one second if he remains at 0. If in this 
same second he approaches S a distance v, then he will encounter, 
in addition, the waves between 0 and O'. If x is the number of 
waves between 0 and O' and n' the number reaching the observer 
per second, then: 


n' — n X 


and, since x:n — v:V m x ^ 

, . nv , v\ 

n = n + - = n\^l + -yj- 

The frequency of the sound reaching the moving observer thus 
becomes greater than that of the source if the former approaches 
the latter. By similar reasoning it can be shown that the pitch 
falls below that equivalent to n, if 0 moves away from S. Quali¬ 
tatively, the effect is the same if the observer remains stationary 
and the source moves. 

Since the velocity of sound V is of the order of 1100 ft/sec, an 
inspection of the equation shows that not much change in the 
pitch of a sound is to be expected unless the observer’s velocity 
V is considerable. This is consistent with everyday experience, 
for, unless a source of sound is moving very rapidly with respect 
to a listener, no change in pitch is detectable. 

The Doppler effect has found its most interesting and important 
applications in astronomy. Light of a particular frequency, 
emitted by a star and sent to the Earth, will be altered in fre¬ 
quency if the star and the Earth are approaching each other or 
are receding. A spectroscopic analysis of the light (p. 556) will 
reveal the extent of the change in frequency and will permit cal¬ 
culation of the speed with which the two bodies are flying apart 
or coming together. This method of analysis has been applied to 
many stars in our own galaxy; it shows that the Earth and there¬ 
fore the Solar System is moving in the galaxy toward a point in 
the constellation Bootes with a velocity of about 9 mi/sec. 
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Architectural Acoustics 

The behavior of sound in a room or closed space is very differ¬ 
ent from that in the open. Once the sound has left its source or 
point of origin out of doors and has passed the ear of the observer, 
it usually keeps on going until it is absorbed by the air and thus 
does not return to the observer. This is not the case in an audi¬ 
torium or room in which many reflections occur back and forth 
from the walls, floor, and ceiling, and wherein the same sound 
may pass the observer’s ear many times before becoming too 
weak to be heard. Such reflected sound waves may interfere 
(p. 500) with additional waves coming from the source, thereby 
changing both their loudness and quality. Careful studies have 
been made of sound effects in auditoriums and rooms, and much 
is now known which permits the construction of these rooms in 
such a manner as to reduce interference to a minimum. The in¬ 
formation along these lines is generally lumped under the com¬ 
mon head of architectural acoustics, and some of the more im¬ 
portant principles of this relatively young branch of science are 
discussed in the following paragraphs. 

Ideal conditions for an auditorium exist when the sound rises 
to a proper maximum and then dies out rapidly enough not to 
interfere with the succeeding sounds. The reflection back and 
forth in all directions helps in building up the volume of sound, 
but under ideal conditions no echoes should be formed at any 
point. Echoes occur in a hall when a concentration of sound 
reaches an observer by reflection more than -h second after 
the direct sound. The time for sound to become inaudible in a 
room after the source has stopped is called the reverberation 
time and needs to be carefully controlled if proper conditions are 
to exist. If this time is too long, then the sounds following one 
another interfere, and confusion and loss of intelligibility result. 
On the other hand, if this time is not long enough, then the lack 
of proper blending of musical tones will make music seem dead 
and muffled, although such a room or hall might still be suitable 
for speeches. 

Professor Sabine of Harvard University has contributed a 
formula for the calculation of the reverberation period in a room 
of a given size: 

, 0.05 F 
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where i == reverberation time (seconds), V = volume of the 
room in cubic feet, and a = absorbing power of all the different 
materials making up the walls of the room. The optimum rever¬ 
beration period, which is largely 
a matter of opinion, for halls of 
various sizes when used for 
speech and music is shown on 
the curves of Fig. 11. A knowl¬ 
edge of the materials and size of 
the room thus enables one to cal¬ 
culate whether satisfactory con¬ 
ditions exist in regard to rever¬ 
beration. Table IV gives typical 
values for the absorption coeffi¬ 
cients ^ of some materials used in 
the construction of buildings. 

These values are relative and are 
based on an open window having an absorption coefficient of 
unity, since no sound is reflected from an open space. The mate¬ 
rials with lowest absorption coefficients are, in general, the ones 
that permit the greatest amount of sound to be reflected. 
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Fig. 11. IDEAL REVERBERATION PERI¬ 
ODS FOR VARIOUS SIZES OF HALLS 


TABLE ly 

SOUND ABSORPTION BY COMMON MATERIALS 


M aterial 

Absorption Coefficient {per sq ft) {for a standard 
pitch of 512 vps) 

Open window 

1.000 

Brick wall 

0.032 

Acoustex (1" thick) 

0.37 

Carpet 

0.20 

Celotex 

0.20 

Acousti-celotex (B.B.) 

0.70 

Glass 

0.027 

Plain wood 

0.06 

Adult person 

4.7 (per i)er8on) 

Opera seats (upholstered) 

2 to 3 (per seat) 


The other two factors which should be controlled in an audi¬ 
torium are the intensity of the sound and echoes. Control of the 
first is being achieved more and more by the installation of am¬ 
plifying and loud-speaker systems, the engineering details of 

1 The absorbing power a (in Sabine’s formula) is related to the absorption coefficient. 
For a uniform surface, all of the same material, a absorption coefficient per sq ft X area 
in sq ft. 
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which are quite numerous and will not be discussed here. The 
formation of echoes can be prevented by the proper shape of 
walls and surfaces, and it is here that the ideas of the architect 
and engineer frequently clash. The most artistic effect is often 
obtained with circular or dome-shaped surfaces, but to construct 
the walls or ceilings in these forms is certainly inviting acoustic 
trouble from echoes. Nearly every auditorium so constructed 
has provided most objectionable focussing of sound and echoes in 
certain sections of the audience. 

Another very important factor to be considered in this connec¬ 
tion is the intrusion of undesirable sounds from without. These 
can enter through open windows, thin walls, and pipes and ducts 
into the auditorium. The (X)nstruction of air-conditioned halls 
and studios represents quite a difficult problem because of the 
numerous ducts leading to the outside. 

The knowledge of proper acoustics of halls is increasing at a 
rapid pace now that some of the fundamental principles have been 
discovered, and the day should not be distant when the musician, 
the architect, the sound engineer, and the listener will all be 
satisfied with the conditions they find in an auditorium. 

EXERCISES 

1. Explain the formation of an echo. If an echo from a distant cliff is found to 
arrive 1 i seconds after the original sound began, liow far away is the cliff? 

2. An explosion sends out sound waves which are observed at a point 20 miles 
away. The sound can travel to this point by air, by land, or by a water route. 
By which mode of transmission will the sound arrive first? last? 

3. Why do harmonics and overtones play an important role in music? 

4. What must be the relationship between an open organ pipe and a closed 
organ pipe if they arc to give the same fundamental pitch? 

5. Discuss the various factors involved in the design of an auditorium for good 
acoustics. 

6. What principles of sound production are involved in the human voice? 
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chapter XXXI 


Light 


The Nature of Light 

Newton (1642-1727) looked upon light as being corpuscular 
in nature—a stream of particles or corpuscles which, on entering 
the eye and impinging on the retina, caused the sensation of 
sight. These corpuscles were supposed to be emitted by every 
luminous body and to travel through space in straight lines with 
a velocity of about 190,000 miles per second. Opposed to Newton’s 
view was that of men like Fresnel, Huygens, and Young, who 
preferred to look upon light as a wave motion, that is to say, 
transverse vibrations in a medium called the “ether.” Newton 
discarded the wave theory because he was of the opinion that 
light travelled in perfectly straight lines, whereas all types of 
waves known to him were able to bend around corners. Water 
waves, after having been broken by an obstacle in their path, are 
able to reform into continuous waves beyond the obstacle. Sound 
can be heard around a corner and a wave in a rope can be made 
to ring a bell around a corner. Newton saw no reason why, if 
light were a wave motion, it too should not travel around an 
object. Instead, light seemed to cast a sharp shadow, indicating 
straight-line propagation. 

It was Young (1773-1829) who first performed an experiment 
that definitely showed that light did indeed bend around an 
object, even if the bending was very slight. Had Newton known 
of this experimental evidence, the corpuscular theory would not 
have gained as much ground as it did in his time. As the result 
of Young’s experiments the wave theory reigned supreme for 
100 years; and only comparatively recently have experiments 
been performed on the photoelectric effect (p. 90), which cannot 
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be explained by this theory. The latter difficulty has been over¬ 
come with the aid of the quantiun theory of Planck (p. 295), which 
is, in a way, the old corpuscular theory in a new dress. In order, 
then, to explain the natural phenomena that are classed under 
the heading of light, it seems that we need a combination of the 
wave and the corpuscular theories. 



Fig. 1. 


THE LAW OP INVERSE 
SQUARES 


Light Sources and Intensity of Illumination 

It requires very accurate experimentation to show the bending 
of light, so that in all ordinary work the departure from linear 

propagation is considered negligible. 
One of the results of this straight- 
liUe passage of light is illustrated in 
Fig. 1. A source of light 5 illumi¬ 
nates a square surface ABCD, one 
foot by one foot, a certain distance 
away. At twice this distance from 
S the light that formerly fell on 
ABCD will fall on a square surface 
A'B'C'D', two feet by two feet, four 
times as large. It is clear, therefore, 
that the amount of light falling on 
one square foot of A'B'C'D' is only one fourth of that falling on 
the square foot ABCD. If we consider intensity of illumination 
on a surface as the amount of light falling on unit area when the 
latter is held at right angles to the direction of the light, then the 
considerations of Fig. 1 lead us to the statement that the intensity 
of illumination on a surface varies inversely as the square of the 
distance of the surface from the source of light, for, by doubling the 
distance of the illuminated surface from S, we have diminished 
the amount of light falling on one square foot to one quarter of 
its previous value. 

We have tacitly assumed in the discussion above that the 
strength of the source S remains constant. The strength of a light 
source may be defined as the aniount of light emitted by the source 
per second. It is evidently true that the intensity of illiunination 
on ABCD (as well as on A'B'C'D') increases with the strength 
of the source and will be directly proportional to it. In order to 
measure the strength of a source of light a unit is necessary, and 
the unit still in use, if only in theory, is the standard candle. This 
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candle is made of wax of definite consistency; it has a wick made 
according to unvarying specifications and.a flame of given height. 
The strength or illxuninating power of such a candle is then called 

a candle power. 

Considering the above, we can write the following equation: 

T , -i r n • i- strength of source in candle power 

Intensity of illumination = —r-p^-j-^, ■ - 

in foot-candles (distance from source in feet)^ 

T C 

This equation or law is called the law of inverse squares, and it 
is obviously true that an intensity of illumination of one foot- 
candle exists on a surface held perpendicularly to the direction 
of the light at a distance of one foot from a source whose strength 
is one candle power. 


Photometry 

The comparison of different light sources is known as photom¬ 
etry; the instrument which makes the comparison possible 
being called a photometer. A ^ 

simple type of photometer (Fig. 

2) consists of two similar discs 

of \yax A affixed to the opposite r...— 

sides of a thin metal disc B of 

the same diameter. The two ^_^__^_^ 

sources Si and S 2 of candle- \ ^ 

power strengths Ci and C 2 , re¬ 
spectively, are placed on opposite sides of the photometer. Each 
illuminates the wax disc which is nearer to it, and the stronger 
the intensity of illumination at the photometer, the brighter does 
the wax appear. The distances di and ^2 are adjusted until the 
wax on opposite sides of the metal appears equally bright. This 
means that the intensity of illumination /i, at the photometer, 
due to Si is the same as the intensity of illumination 1 2 , at the 
photometer, due to S 2 , i.e.^ h = 


- d\ ->t<-c/2- 

Fig. 2. joly's photometer 


Since 


then 


and 
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If either Ci or C 2 is known, the other can be found, for di and d* 
are determined by experiment. Measurements of the strengths of 
different light sources with the above type of photometer are 
not very accurate. The chief difficulty lies in adjusting for equal 
“brightness” of the two wax discs. This difficulty is especially 
pronounced when Si and S 2 emit light of somewhat different 
colors. More accurate forms of photometers, incorporating “elec¬ 
tric eyes” (photoelectric cells, p. 90), have become available in 
recent years. 

The foot-candle meter consists of a rectangular opaque white 
card perforated at regular intervals along a line which bisects its 
shorter sides. The holes are covered with translucent paper, 
and an electric bulb is plac^ed under one end of the card. When 
the bulb glows, light from it passes through the translucent 
paper; and the holes near the lamp appear bright, those farther 
away, less bright. The card itself is illuminated from above by 
the illumination which exists at the place in question. Under a 
given illumination a hole near the bulb will appear brighter than 
the surface of the card adjacent to it, while a hole farther away 
will appear darker. That hole is selected whose brightness equals 
that,of the card, and if the brightness of the holes has been cali¬ 
brated with the help of a standard bulb then the intensity of 
illumination can be read off directly in foot-candles. 

Velocity of Light 

The velocity of light is interesting on account of its sheer 
magnitude: 186,000 miles per second. Nothing else that we know 
of moves so rapidly. A knowledge of the speed of light is impor¬ 
tant in astronomy and in the theory of relativity. It is today 
considered to be one of the few ultimate constants of physical 
science. 

The first rather accurate determination of this velocity was 
made towards the end of the seventeenth century by the Danish 
astronomer Romer (1644-1710). Nature afforded him the facil¬ 
ities for his determination and one of his measurements was of an 
astronomical magnitude. Romer realized that the Earth and 
Jupiter were planets revolving around the sun, Jupiter being 
much farther away. In point of fact, Jupiter is approximately 
483 million miles from the sun and completes its orbit in 11.9 years, 
while the Earth is only 93 million miles distant and completes its 
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orbit in one year. Thus while the Earth is completing half of its 
orbit, Jupiter does not very materially change its position relative 
to the sun. R5mer was aware of the existence of the moons of 


Jupiter and knew the length of the time interval which elapses 
between successive eclipses of a particular moon as it moves 
into the shadow of Jupiter. By observing the time of the eclipse 
of the moon with the Earth in 


position El (Fig. 3) and Jupiter 
in position J i, it was easy to cal¬ 
culate the time at which a defi¬ 
nite eclipse of the same moon 
should be due six months later 
with the Earth and Jupiter in 
positions Ei and Ji, respectively. 
The eclipse actually was found 



Fig. 3. iir>MEu’s determination of 

THE VELOCITY OF LIGHT 


to be 22 minutes late. Romer 


correetly ascribed this “lateness” to the time taken by light to 
traverse the Earth’s orbit from Ei to E^, a distance of some 
186,000,000 miles. This gives approximately 140,000 miles per 
second as the velocity of light. 

During the two hundred years following Romer’s determination 
attempts were made to find the velocity of light by means of 
S terrestrial or laboratory meth- 

ods. Each new method saw im- 
■ p provements on the earlier ones, 

_^ and finally A. A. Michelson 

(1852-1931), of the University 

- I of Chicago, in 1879 started a 

^ series of determinations by a 
method which is perhaps the 
Eye best known of all. He used a 

Fig. 4. michelson’s determination symmetrical rotor M, with eight 
OF THE VELOCITY OP LIGHT provided wlth a mir¬ 

ror a, b, c, etc. Rotation took place in a horizontal plane about 
a vertical axis 0 (Fig. 4). Light from a source S fell on the mirror 
o, was reflected to a distant mirror M i, back onto mirror c, and 
then into the eye. That is what would have happened had M 
been stationary; but in Michelson’s experiment it was made to 
rotate with increasing velocity, and the result was that the beam 
of light which was sent on its journey by the face o found on its 
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return from the distant mirror that face c was out of position, 
with the result that no light entered the eye. As the speed of 
rotation of M was increased, however, a velocity was reached 
which enabled face b to get into the position occupied by c in 
Fig. 4. When this happened the eye again saw the light from S 
by reflection, and the time taken by the beam to travel from a 
to Mi and back to c was equal to that necessary for the rotor 
to make one eighth of a revolution. In Michelson’s experiment 
the distance from M to Mi was approximately 22i miles (the 
exact distance was measured quite accurately); the velocity of 
rotation of M could be determined with great accuracy and was 
finally brought to about 500 revolutions per second. Since 
velocity equals the rate at which distance is covered, we can 
write: 

velocity of light = ^ X^22Tf _ ^ ^qqq _ jgq qqq mi/sec. 

8 X 500 

Michelson actually found a value slightly greater than 186,000 
miles per second. This value, expressed in the CGS system, is 
approximately 3 X 10^“ cm/sec. 

Some values of this important constant, as determined by 
various experimenters, are given in the following table: ^ 

Experimenter 

Romer (1666) 

Fizeau (1849) 

Foucault (1862) 

Comu (1878) 

Michelson (1879) 

Michelson (1882) 

Perrotin (1900) 

Michelson (1927) 

In connection with the measurements of its velocity, it should 
be mentioned that light travels faster in a vacuum than in air, 
and in water or glass it travels more slowly than in air. These 
results have been established by many experiments and are in 
accord with the wave theory of light, but they are contrary to 
what is demanded by the corpuscular theory of Newton. 

1 From “Tables of Physical and Chemical Constants’' by Kaye and Laby, Longmans, 
Green and Company, London, 1921. 


Velocity of Light 

2.270 X 10^® cm/sec 

3.153 

2.986 

3.004 

2.999 

2.9985 

2.9986 
2.9980 “ 
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Reflection 

In discussing wave motion (Chapter XXIX), attention was fo¬ 
cussed on the wave front, and Huygens' principle was shown to be 
capable of explaining a number of wave phenomena. In the 
case of light it is often more convenient to consider a ray of light 
than the wave front. A ray is perpendicular to 
the wave front ^ and is a straight line whose di¬ 
rection at a given point is the same as that in 
which the optical disturbance travels at that point. 

If S in Fig. 5 is a source of light, then the wave 
front at any given point will be part of the 
surface of a sphere passing through that point ^ 
and having its center at S, A ray of light will 
be perpendicular to the surface of the sphere and will conse- 
^ C ^ quently have the same direction as a 
radius of the sphere. 

When light is reflected from a plane 
surface or mirror we have the conditions 
illustrated in Fig. 6. The line AB rep¬ 
resents the incident ray of light, BD 

Fig. 6. reflection of the reflected ray, and BC a perpendic- 
LiGHT BY A PLANE SURFACE reflecting surfacc, called the 

normal to the surface at the point of incidence. The angle i be¬ 
tween the incident ray and the normal is called the angle of in¬ 
cidence, and the angle r between the reflected ray and the normal, 
the angle of reflection. Experiment has given us the following 
laws of reflection: 

(1) The angle of incidence equals the angle of reflection. 

(2) The incident ray, the reflected ray, and the normal to the surface 
at the point of reflection lie in the same plane. 

When an object is seen by reflected light we actually look, not at 
it, but at its image. An image is formed by the intersection of 
two or more reflected rays coming from the same point on an 
object. This intersection may be real or apparent, as will be 
seen in due course. When the intersection is real, the image is 
called a real image; when apparent, the image is called virtual. 
Figure 7 shows how an object 0 is seen by reflection in a plane 

^ It should be clear that the laws of reflection will be equivalent whether based on rays 
or wave fronts, since the rays are always perpendicular to their respective wave fronts. 
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mirror. A bundle or beam of diverging rays leaves the object 0, 
falls on the mirror, and is reflected into the eye, which sees the 
rays as if they were diverging from a point /, as far behind the 
mirror as the object is in front of it. The point I is called the 



Fig. 7. the formation of a vir¬ 
tual IMAGE BY REFLECTION OF LIGHT 
FROM A PLANE SURFACE 


point obtained by dropping 
mirror and producing it its c 


image of 0, and it is a inrtual 
image since its location is fixed by 
the apparent intersection of the 
rays leaving the object 0 and 
reflected by the mirror. Geomet¬ 
rical considerations show that p, 
the distance of the object from 
the mirror, is equal to g, the dis¬ 
tance of the image from it, and 
that the latter is situated directly 
behind the mirror, that is, at the 
, perpendicular from 0 onto the 
n length. 


Spherical Mirrors 

A spherical mirror is part of the surface of a sphere, and its 
radius of curvature is the radius of the sphere of which it is part. 
Looked at from the left, in Fig. 8, such a spherical mirror is 
called concave when polished on the inside and convex when pol¬ 
ished on the outside. The point 
Cy the center of the sphere of 
which the mirror is a portion, 
is called the center of curvature, 
and the line drawn from C to the 
middle of the mirror, the princi¬ 
pal axis. 

As was the case with plane 
mirrors, so also spherical mirrors 
form images of objects by reflection; and there is a definite rela¬ 
tionship governing the positions of object and image: 

i+i=? 

p q r 


Concave Convex 

Fig. 8. cross section of concave 
AND convex mirrors 


where p — distance of object from mirror, q = distance of image 
from mirror, and r = radius of curvature of mirror. The rela¬ 
tionship is true only for small mirrors,* and there is a sign con- 

1 See footnote 1, p. 641. 
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vention which must be observed, namely: all distances measured 
in front of the mirror are positive, and all those measured behind 
are negative. The formula can obviously be used to calculate 
the position of an image formed by reflection in a spherical mirror 
if the position of the object and the radius of curvature of the 
mirror are known. Before giving a practical example, however, it 
may be well to look into another method whereby the position, 
as well as additional information about the image, may be ob¬ 
tained. It is usually referred to as the method of graphical 
construction. 

If we put p equal to infinity in the formula above, we get: 


1 + 1.2 

cc q r 


or 


2 " 1 




This means that if the object is very far away from the mirror, 
the image will be formed at a point midway between the center 
of (curvature of the mirror and the mirror itself. This is another 
way of saying that all rays of light parallel and close to the prin¬ 
cipal axis ^ of the mirror before reflection, will pass, after reflec¬ 
tion, through a point midway be¬ 
tween the mirror and the center 
of curvature of the mirror. This 
point is called the principal focal 
point or the principal focus and 
its distance from the mirror, the 
focal length of the mirror. Fig¬ 
ure 9 shows what a spherical 
mirror does to parallel rays of light. The point C is, as before, 
the center of curvature of the mirror and F its principal focus. 

It is now possible to obtain graphically the additional informa¬ 
tion about images in spherical mirrors referred to above. Rays 
are drawn from a point on the object to the mirror, and the inter¬ 
section of any two after reflection determines an image point. 
Two types of rays may be called standard: 



Fig. 9. parallel light brought 

TO A FOCUS BY A CONCAVE MIRROR 


1 The remark was made above that the mirror formula is applicable only where the 
mirror is small. Parallel rays, for instance, do not all pass through one single point when 
reflected by a large spherical mirror; and what is really the same thing, a point source of 
light situated at the focus of a largo spherical mirror does not give rise to a parallel beam of 
light. This deviation from what happens in the case of small mirrors is called spherical 
aberration and is a defect for which allowance must be made in many cases. Where mirrors 
are used for searchlights and a strong beam of parallel rays is required, recourse is had to 
parabolic reflectors. 
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(1) A ray of light parallel to the axis of the mirror before reflection 
passes or appears to pass through the principal focus after reflec¬ 
tion. 

(2) A ray that passes through the center of curvature or is directed as 
if coming from the center of curvature before reflection falls 
normally on the mirror and retraces its steps after reflection. 

The use of the graphical method will appear from the following 
problem. 

Example 1. A concave mirror has a radius of curvature of 10 cm. If an object 
is placed 15 cm in front of it, find where the image will be, and determine its size 
and nature. 


Solution. In Fig. 10 an object OB is placed 15 cm from the mirror. A ray from 
point 0 parallel to the principal axis passes through the principal focus F after 

reflection; and a ray from the same 
point, passing tlirough the center of 
curvature C, falls normally on the mir¬ 
ror and is reflected back along its orig¬ 
inal path. The point 7, where the re¬ 
flected rays intersect, is the image of 0. 
In a similar way the image of every 
point on the object may be found, thus 
giving the complete image JM, which 
obviously is real, for it is formed by the 
actual intersection of rays. It is in¬ 
verted, since a point 0 above the princi¬ 
pal axis gives rise to an image I below that axis. If Fig. 10 is drawn to scale, 
the distance of 7Af from the mirror may be measured and the position of the 
image determined. 

The question of magnification still remains. Since all rays from 0 pass through 
I after reflection, the ray OA will give rise to A7, making the angle OAC equal to 
the angle I AC (angle of incidence = angle of reflection). From the similar 
triangles IE A and ODA it immediately follows that' 



Fig. 10. THE FORMATION OF AN 
IMAGE BY A CONCAVE MIRROR 


OB DA 


size of image _ distance of image from mirror 
size of object distance of object from mirror 


From Fig. 10 it is clear that the image is smaller than the object. 

The distance of the image from the mirror can be determined by calculation: 



15 



2 

15 ' 


and q 


7.5 cm. 


Since q is positive, the image must be in front of the mirror. 
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Example 2. A concave mirror has a radius of curvature of 10 cm. If an object 
is placed 2 cm in front of the mirror, find 
where the image will be formed. 

Solution. The diagram of Fig. 11 
shows that the two standard rays do 
not intersect after reflection, for they 
actually diverge; but they appear to 
diverge from a common point /, which 
is the image of 0, behind the mirror. 

The image of the object is evidently 
virtual, erect, and larger than the object. 

This always happens when the object 
is placed between a concave mirror and 
its focus. Practical applications are found in the shaving mirror and vanity-case 
mirror. 

The actual position of the image can be found by calculation as before: 



Fig. 11. FORMATION OF AN IMAGE 
BY A CONCAVE MIRROR WHEN THE OB¬ 
JECT IS WITHIN THE FOCUS 


1.12 1,1 2 1 

„ -f „ or ~ -I- ~ ™ or - = 

p q r 2 q 10 q 


'lO’ 


and q — —3.3 cm. 


Since q is negative the image will appear behind the mirror, as the graphical 
method indicated. 


The formula used for calculating the position of an image in 
the case of a concave mirror is also used without any change of 
sign for a convex mirror. The negative sign should, of course, be 
inserted when making the numerical substitution for the radius 
of curvature. 


Refraction 


Medium 1 


Both reflection and refraction may occur whenever light reaches 
a point where one medium stops and another 
begins. Sunlight, falling on water, is often re¬ 
flected with dazzling brilliance; but not all the 
light striking the water surface is reflected, for 
some of it enters the water and is said to be re- 
Medium 2 fracted. The refracted light travels with a dif¬ 
ferent velocity from that of the incident, and 
the ray * is bent on entering the refracting 
medium. The bending is towards the normal if 
the velocity in the second medium is less than 
that in the first; and it is away from the normal if the velocity 



Fig. 12. refrac¬ 
tion OF LIGHT AT A 
PLANE SURFACE 


» As in the case of reflection (p. 539), Huygens’ principle and wave fronts may be used to 
explain refraction. The “ray method” presents a somewhat simpler picture. 
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in the second is greater than in the first, the normal in this case 
being drawn into the water. In Fig. 12 the angle of incidence i 
is measured between the incident ray and the normal and the 
angle of refraction r between the refracted ray and the normal. 

The phenomena connected with refraction have been found to 
follow two laws : 

(1) The incident ray, the refracted ray, and the normal to the surface 
of separation lie in the same plane. 

(2) The ratio of sin i to sin r is a constant quantity for two given 
media and for a given wave length of light. 

The second law is usually called Snell’s law after the Dutch 
physicist, Snellius. The ratio of sin i to sin r is called the refractive 
index of medium 2 with reference to medium 1, and is often 
denoted by i??, 2 . In the event that medium 1 is a vacuum: 

sin ? 

^ = n, the refractive index of the second medium, 
sm r 

If the refraction of the light as it enters the second medium were 
studied by considering the wave front rather than a ray, it could 
easily be shown that 

sin ^ _ velocity of light in medium 1 
sin r velocity of light in medium 2 

Hence the refractive index of glass, say, is equal to the velocity 
of light in a vacuum divided by the velocity of light in glass. 

This ratio is greater than unity 
since light travels more slowly 
in glass than in a vacuum. 

If light falls on a slab of glass 
with plane, parallel faces, Fig. 13 
illustrates what happens: the ray 
will leave the slab parallel to its 
original direction but slightly 
displaced from its original line 
of propagation; in other words, there is lateral displacement but 
no deviation in direction. When the opposite faces of the slab 
are plane but not parallel we have a prism, and the path of a 
ray of light through it is illustrated in Fig. 14. At each refraction 
the ray bends in the same sense with reference to its original 
direction, thereby increasing the deviation. The final, total 



Fig. 13. deviation of light in 

PASSING THROUGH A SLAB OF MATE¬ 
RIAL WITH PARALLEL FACES 
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Original 
direction 

Angle of deviation 


Final 

direction 


PASSAGE OF LIGHT THROUGH 
A PRISM 


deviation is marked in the figure; and this angle of deviation 
varies with the position of the prism, being a minimum when 
the light passes symmetrically 
through it, making the angle 
ii = 12 and ri = r 2 . 

If the light which enters the 
prism is not monochromatic but 
is compounded of more than one 
color, such as is the case with Fig. 14 
white light or sunlight, for ex¬ 
ample, then we notice the phenomenon of dispersion : the velocity 
of propagation in the glass of the prism is different for different 
colors; violet light, travelling more slowly, is bent more than 

red. The result of this variation 
of velocity with color is that at 
each refraction the blue light is 
refracted more than the red and 
that finally the light leaves the 
prism separated into its com¬ 
ponent colors, forming a spec¬ 
trum. Figure 15 illustrates this 
phenomenon of dispersion and 
the formation of a spectrum on a 
screen. The light emitted by nearby and far-distant incandescent 
objects {e.g.j stars) may be resolved into its component colors by 
means of a prism; and since each of the chemical elements emits 
its own spectrum of colors, the 
composition of the luminous 
bodies may be determined. 



Fig. 15. dispersion of light by 
A prism and the formation of a 

SPECTRUM 


Normal 


Total Reflection 



/^2 

Medium 1 




<4 

Medium 2 


Interface 


It has been stated above that 
light, passing from one medium 
to another in which its velocity 
is less, will be bent towards the 
normal. If it passes in the oppo¬ 
site way, it will bend away from 
the normal. This bending away from the normal leads to an 
interesting phenomenon called total reflection. Figure 16 indicates 
what happens. Several rays of light are shown passing from 


Fig. 16. total reflection of light 
AT AN interface 
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medium 2 to medium 1 in which their velocity is greater. Ray 1 
bends away from the normal after refraction. The same is true 
of ray 2. It is clear that some ray, number 3 in Fig. 16, must 
give rise to a refracted ray which just skims the surface of separa¬ 
tion between the media. When this happens, the ray in question 
is said to be incident on the surface of separation at an angle C, 
called the critical angle. An angle of incidence greater than the 
critical angle could not give rise to a refracted ray but to one 
totally reflected back into medium 2. Such a ray is numbered 4 
in Fig. 16. Evidently 


sin C 
sin 90° 


or 


in2 = 


1 

sin C 


If medium 1 is a vacuum, the refractive index of medium 2 is the 
reciprocal of the sine of the critical angle. 

Total reflection is encountered only at interfaces where light 
could pass from one medium to another in which its velocity is 
greater. The phenomenon is responsible for the 
brilliance of the diamond and other gems, which 
are so cut as to cause light that enters to be 
totally reflected, usually a number of times, and 
to emerge only in certain directions. Where re¬ 
flection of light without any loss of energy is de¬ 
sired, totally reflecting prisms are used as in 
Fig. 17. Reflection by mirrors always results in 
some loss of energy due to absorption at the re¬ 
flecting surface. 

Light entering one end of a bent glass rod can be totally re¬ 
flected from the walls, follow the tube round, and emerge at 
the other end with only such loss as occurs in internal absorp¬ 
tion of energy by the glass. Such rods have been used in sur¬ 
gery to direct beams of light into portions of the body where 
the heat usually connected with other sources of illumination is 
undesirable. 

Instruments which enable us to measure critical angles and 
hence to determine refractive indices are widely used in physical 
and chemical laboratories; they are called refractometers. In 
determining the refractive index of a liquid, not much more than 
a drop is needed; and this physical property serves as a valuable 
means of identification. 



Fig. 17. total 

REFLECTION AT THE 
HYPOTENUSE OF A 
RI GH T-A NGLED 
PRISM 
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Lenses 

A lens is a plate of glass or other material, usually of circular 
cross section, with surfaces or faces which are portions of spheres. 
Lenses are either converging or diverging. Figures 18a, b, and c 
illustrate converging types and d, e, and /, diverging. Converging 
lenses are thicker at the center than at the periphery, while 
diverging are thinner. A straight line joining the centers of the 



abed e f 

Fig. 18. lenses: converging (a, b, c) and diverging (d, e, f) 

spheres of which the lens surfaces are parts is called the principal 
axis of the lens. Rays of light parallel to the principal axis of a 
converging lens, before striking it, converge at a point called the 
principal focus after passing through the lens. Rays parallel to 
the principal axis of a diverging lens, before refraction, appear to 
diverge from a point, called the principal focus, after refraction. 



Fig. 19. parallel light rats passing through a converging lens on the 

LEFT AND THROUGH A DIVERGING LENS ON THE RIGHT 

Figure 19 illustrates the paths of the rays through the lenses and 
the positions of the principal foci. In the case of the diverging 
lens the principal focus is called a virtual point, since the light 
rays do not actually pass through it. The distance from the prin¬ 
cipal focus to the lens is called the focal length and is usually 
denoted by the letter /. The focal length of a lens depends on the 
refractive index of the glass used; an increase in the index of 
refraction means a corresponding increase in the bending of the 
light as it passes through the lens and thus a shorter focal length. 
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The latter also depends on the radii of curvature of the surfaces, 
since the radii fix the positions of the centers of the spheres; these 
in their turn determine the directions of the normals and conse¬ 
quently the angles of incidence and refraction of rays passing 
through the lens. 

One of the most important functions of a lens depends on the 
fact that if rays of light originate at a point on the principal 




Fig. 20. a converging lens on the left and a diverging lens on the 

RIGHT FORMING A POINT IMAGE OF A POINT OBJECT. THE SIGN CONVENTIONS ARE 
ALSO NOTED 


axis, they will converge at another point on the principal axis 
after passing through the lens. This property may be described 
by saying that a lens will form a point image on the principal 
axis of a point object situated on that axis. The image I of the 
object 0 (Fig. 20) is real in the case of the converging lens but 
virtual in the case of the diverging lens. 

It will be recalled that the relationship between p and 5 , the 
respective distances of object and image from a mirror, was 
given by the formula: 


-• + - = - (p. 540). 
p q r ^ 


Since the focal distance / = 


then - 
r 


1 

r 


and the foregoing 


112 1 

expression becomes - + - = For lenses, the same formula 

p q r f 

holds except that the term‘involving r, the radius of curvature 
of the mirror, is* retained in a more complicated expression. In 
our treatment of lenses we shall restrict the discussion to thin 
lenses so that, in measuring distances from a lens, it makes no 
difference whether we measure from the surface or from a point 
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midway between the surfaces. It will then be permissible to 
use for lenses the formula: 


The sign convention for mirrors is that all distances measured in 
front of the mirror are positive, all those behind negative. For 
lenses the convention is such as to require the signs indicated in 
Fig. 20. This means that if the object is on the left of the lens, 
p is positive, if the image is on the right, q is positive. It must 
also be obvious from Fig. 19 that the focal length of a converging 
lens is positive, while that of a diverging lens is negative. 


Example 1. A converging lens has a focal length of 20 cm. An object is placed 
30 cm from it. Find where the image will be formed. 


Solution. 


1 

V 

1 , 
<1 


1 

V 


1 , 1 
or ^ + - 
30 q 


1 

20 ’ 


20 


30 


or ~ = 7 ^» and ^ = 60 cm. 
q DU 


therefore, 

Since q is a positive number, the image is to the right of the lens. 


Example 2. A diverging lens has a focal length of 30 cm. An object is placed 
40 cm from it. Find where the image will be formed. 


Solution. 

therefore 


1 j 1 1 1,1 1 

^ + 40 + 5 =" 30 ’ 

S= -17.1 cm. 


Since g is a negative quantity in the last example, it follows that 
the image must be on the left of the lens, that is to say, on the 
same side as the object. The signs of the lens equation should 
not be changed no matter what the problem under consideration, 
but upon substituting and interpreting nuiherical values their 
particular signs must always be used. 

The examples worked out above permitted finding the posi¬ 
tion of the image formed by the lens, but there is other informa¬ 
tion about it that may be desired; it is often important to know 
whether the image formed is larger or smaller than the object 
and whether it is erect or inverted. This knowledge can be ob¬ 
tained by means of graphical methods. In making a graphical 
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construction for the purpose of locating an image, there are, as 
in the case of mirrors, two guiding rays: 


(1) A ray parallel to the principal axis of the lens, before refraction, 
passes through the principal focus, or appears to come from the 
principal focus, after refraction. 

(2) A ray which passes through the optical center of the lens under¬ 
goes no deviation. The optical center is at the point where the 
principal axis passes through the lens. 


f=20cm 



The graphical solutions of Examples 1 and 2, above, are indi¬ 
cated in Figs. 21 and 22, respec¬ 
tively. In Example 1 the image / 
is clearly inverted, real, and 
larger than the object. It is real 
because the rays actually inter¬ 
sect after passing through the 
lens, and larger because the im¬ 
age distance is greater than the object distance. In the case of a 
diverging lens, Example 2, a ray 
parallel to the principal axis be¬ 
fore refraction ^^appears^^ to come 


U- 30cm’^4-*--60cm- 

Fig. 21 


f=-30cm 



r 

1 F hj\ 



U-- 


40 cm 


1*17.1 enj 


Fig. 22 


from the principal focus after re¬ 
fraction. The guiding rays do not 
meet after leaving the lens, but 
to an eye situated to the right of 
it they appear to meet at I. The image I is accordingly virtual. 
It is obviously erect and smaller than the object, since it is 
closer to the lens than the latter. 


Magnification 


It can be shown quite readily that the magnification produced 
by a lens is given by a formula exactly similar to that obtained 
for a mirror, namely: 


magnification = 


size of image distance of image from lens 
size of object distance of object from lens 


or 

Optical Instruments 


/ 

0 


g, 

P 


A knowledge of the laws of reflection and refraction has made 
possible the construction of instrumqjits which have enabled 
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man not only to examine objects so minute as to be utterly beyond 
the vision of the unaided eye, but also to bring within his vision 
objects whose distances from us stagger even the most imaginative 
mind. A few of these instruments, and others, also based on the 
laws of optics, are reviewed in the remainder of this chapter. 


The Simple Magnifying Glass 

The simple magnifying glass consists of a single converging 
lens. The object to be examined is placed on one side of the lens 
at a distance from it which is 
less than its focal length, and the 
eye is held close to the lens on 
the opposite side. The rays from 
the object do not meet after pass¬ 
ing through the lens; but the 
eye sees a virtual, magnified, and 
erect image on the same side of 
the lens as the object. The paths 
of the rays and the formation of the image are shown in Fig. 23. 
Two principal foci are indicated; and it is quite obvious that this 
must be the case for every lens, since parallel light from the left 
will pass through the principal focus on the right, while parallel 
light from the right will pass through the principal focus on the 
left. 



Fio. 23. THE FORMATION OF AN IMAGE 
BY A SIMPLE MAGNIFYING GLASS 


The Camera 

In its simplest form a camera consists of a converging lens ^ 
and a sensitized film or photographic plate in a light-tight box. 
The lens forms a real, inverted image of the object photographed. 
This image effects chemical changes in the silver salt of the emul¬ 
sion on the film or plate, and these changes are intensified and 
rendered permanent by the use of a developer and a fixer. Since 
a real image is needed, the object must always be beyond the 
principal focus of the lens, and since the object distance varies in 
practice, the image distance also will. In order to make provision 
for this, the lens carrier is usually attached to the plate carrier by 
means of an extensible connection called the bellows, which per¬ 
mits variation of the image distance to correspond with variation 


1 Even the lena may be dispensed with and a mere pinhole used, but sunh cameras are 
not practical. 
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of the object distance. The camera lens is also provided with a 
shutter which can be opened and permits an exposure for the 
length of time desired under the conditions of illumination exist¬ 
ing when the photograph is taken. The shutter is controlled by a 
mechanism which automatically regulates the time of exposure. 



Fig. 24. formation or a real inverted image in a camera 


It is well known that a small lens aperture gives a better-defined 
image than a large one; but, on the other hand, it permits less light 
to enter the camera and necessitates a longer exposure. There is 
consequently a diaphragm just in front of the lens which permits 
the aperture of the lens to be adjusted. In a strong light a small 
aperture is obviously used, while weak illumination requires a 
larger aperture and possibly longer exposure. Figure 24 illustrates 

a camera and some of its attach¬ 
ments. 

The Human Eye 

This most marvellous of all 
optical instruments is really a 
highly specialized camera with 
a lens of its own and the retina 
for a photographic plate. The 
eye-lens is converging and forms 
real images on the retina. These 
images produce impulses which 
are transmitted to the brain by 
means of the optic nerve and 
are interpreted there. In Fig. 25, C represents the cornea, which is 
the transparent, spherical, front surface of the eye. Immediately 
behind it is a space A, filled with a weak salt solution called the 
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aqtieom humor. Behind A is the “crystalline'' lens L. The amount 
of light entering the lens is limited by a diaphragm / situated 
between A and L. This diaphragm, called the iris, varies in size 
with the brightness of the light, decreasing in size as the light 
becomes brighter. The space F, beyond the lens, forms the major 
part of the eyeball and is filled with a gelatinous substance called 
the vitreous humor. The back casing of the eyeball R is called the 
retina. It serves the purpose of a sensitized plate; on it fall the 
images formed by the lens, and these images cause sensations 
which are forthwith transmitted to the brain along the optic 
nerve 0. By means of little muscles the shape of the crystalline 
lens can be altered and rendered more or less converging, and 
thus objects at different distances from the eye can be focussed 
accurately on the retina. 

Defective eyesight may be due to any one of numerous causes, 
prominent among which is the formation of images either in front 
of or behind the retina, with the result that the impression trans¬ 
mitted to the brain is blurred. These defects arise from an in¬ 
sufficient power of accommodation of the eye-lens. 

Shortsightedness (Myopia) 

The normal eye reads most comfortably at a distance of ap¬ 
proximately 10 inches or 25 cm. A shortsighted person, however, 



Fig. 26. the shortsighted eye 

has to hold the object looked at much closer for distinct vision. 
The lens system of his eyes has become too converging, and he 
needs glasses with diverging lenses in order to see distinctly at 
10 inches. Figure 26a shows how a shortsighted eye sees dis¬ 
tinctly at a distance, say, of 5 inches. Figure 266 shows why it 
cannot, unaided, see distinctly at the normal distance of 10 inches 
and Fig. 26c why it can, when aided by a diverging lens of appro¬ 
priate focal length. 
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Farsightedness 

The farsighted eye is usually a sign of advancing age and reveals 
a lens system which is not converging enough for normal vision 
at 10 inches, with the result that at a distance of 20 inches, say, 
the image is formed on the retina (Fig. 27a), and vision is distinct. 



(a) (b) (c) 


FlO. 27. THE FAHSIQHTED EYE 

At 10 inches the image falls behind the retina if the eye is unaided 
(Fig. 27b) but on the retina if converging glasses of appropriate 
focal length are used (Fig. 27c). 


Astigmatism 

The human eye has other defects, and among these the most 
prominent is astigmatism. This defect is due to a variation in the 
curvature of the crystalline lens surface, and it means that the 
latter is not quite spherical. As a result, a vertical line object will 
form an image in the eye at a position which is either further re- 
Finai image moved from or nearer to the lens 

\ than that occupied by the image 

\ y of a horizontal line object held 

♦ \ Image formed / ^t the Same distance. In other 

y by objective / 

K / words, the lens has different focal 
Objective lengths in different planes. For 

t\A this defect, also, corrective lenses 

-I—V— I- 

^ l/X/ may be worn. 


\ Image formed 
y by objective 


Objective 

.tf A ^ 


V \ The Compound Microscope 

\ The compound microscope is 
/ used for viewing very small ob- 

/ , jects. Its essential parts are two 

' converging lenses, the one being 

Fig. 28. the formation of an image called the objective and the other 

BY A COMPOUND MICROSCOPE . /tt,. oo\ ml. u 

the eyepiece (Fig. 28). The ob¬ 
jective has a short focal length, and the object to be examined 
is placed just beyond its principal focus. An inverted, real, and 
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enlarged image of the object is formed by the objective. This 
image lies within the barrel of the microscope. The eyepiece is so 
placed that the image falls within its principal focus; and it acts 
as a simple magnifjdng glass, forming a second or final image, 
which is virtual, enlarged, and erect with reference to the first 
image formed by the objective but inverted with reference to the 
original object. Compound microscopes are constructed at the 
present time with a magnifying power of over 2000-fold. 


Concave mirror-v 


^ayslromli^^ 





mirror /A 

I 

\ piece / 


Eye 

Fig. 29. the formation of an image 
BY a reflector TYPE OF TELESCOPE 


The Telescope 

The telescope is an instrument that permits the examination 
of distant objects. It may be of the refracting or of the reflecting 
type. In the refracting type, as 
in the compound microscope, 
there are two converging lenses, 
the objective and the eyepiece. 

The objective, directed towards 
the distant object, has a long 
focal length and forms within 
the tube of the telescope a real, 
inverted image of the object, 
very much diminished in size. 

This image falls inside the princi¬ 
pal focus of the eyepiece, which 
functions exactly as did the eyepiece of the compound microscope 
and forms a final image that is virtual, enlarged, and inverted with 
respect to the original object. It can be shown that the magnify¬ 
ing power of this sort of telescope is equal to the focal length of 
the objective divided by that of the eyepiece. It is, therefore, 
necessary to have an objective with a long focal length. Since 
the telescope here described forms an inverted image of the object, 
it is not used for terrestrial but only for astronomical purposes 
and is generally referred to as the astronomical telescope (p. 54). 
In the terrestrial telescope an erecting lens is used, which re¬ 
inverts the image formed by the objective and thus enables the 
eyepiece to form a virtual, enlarged, and erect image of the object. 

In the reflecting type of telescope (Fig. 29) an image I' of a 
distant object is formed by a large concave mirror. This image, 
real, inverted, and diminished in size, is formed inside the focus 
of the eyepiece, which in its turn forms the final image I just as 
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in the case of the compound microscope and of the refracting 
telescope. 

The Spectroscope 

One of the most important experiments associated with the 
name of Newton was his demonstration that a beam of white 
light is separated into its component colors during its passage 
through a prism. Figure 15 (p. 545) shows how, at the first face 
of the prism, the violet light is refracted most and the red least, 
and how, at the second face, this separation or dispersion of the 
colors is repeated, forming a band of colors or a spectrum on a 
screen held beyond the prism. 

The spectroscope or spectrometer is an instrument designed 
to overcome the chief fault of Newton’s simple arrangement, 


R 



FlO. 30. THE FORMATION OF A SPECTRUM BY A SPECTROMETER 


namely, that of the overlapping of the different colors on the 
screen. It consists of three parts: a collimator, a prism, and a 
telescope (Fig. 30). The collimator consists of a narrow slit placed 
at the focus of a converging lens. This slit limits the light to the 
equivalent of a line source, and the lens sends a beam of parallel 
light to the prism. The latter breaks up the light into a series of 
colored beams of parallel rays, which then enter the objective of 
the telescope in directions slightly inclined to one another r, v. 
The objective brings the colored beams to a series of colored foci 
r', v', each of which is actually a colored image of the slit. These foci 
fall within the focal length of the eyepiece, which finally forms a 
virtual and magnified image' RV of them. Figure 30 shows the 
formation of a spectrum of only two colors, red and violet; others 
would fall between these. 

The phenomenon of dispersion as used in the spectrometer 
constitutes a powerful tool in the hands of the scientist. It has 
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revealed the composition of distant lo*® 
stars by making possible a comparison 
of their spectra with those of known 
elements. It has given important in¬ 
formation about the physical state of 

luminous bodies because incandescent 

• • 10 '*'^ 

solids and liquids emit characteristic 
spectra which are different from the ^^+4 
ones emitted by gases in the molecular 
or in the atomic state. The spectrum of jq -^3 
an approaching body is different from 
that of a stationary or of a receding 10 *^ 
body, and this difference (Doppler 
effect, p. 528) will reveal the nature of 10 
the motion of a luminous object. 

The question presents itself whether ^ 

there are any colors beyond the violet ^ 

on the screen in Fig. 15 and on the 

near side of the red. The answer is that , 

10 ”^ 

there are, although they are not visible 
to the eye. They may be detected and .3 
measured by making use of certain of 
their physical and chemical properties, iq -4 
e.g,j their photographic effect. The 
region beyond the violet is usually re- 10 
ferred to as the ultra-violet, that on the 
other side of the red, as the infra-red. 10 
Figure 31 gives a rough idea of the en¬ 
tire spectrum of radiations that are 
like light. It is a remarkable fact that ^ 
all the waves or rays listed are similar 
in character; the only difference be- 
tween them is one of frequency or 
wave length (the vertical scale gives jq-io 
the wave length in centimeters). All 
types are propagated in a vacuum with 20 ’^^ 
a velocity of 3 X 10^^ cm/sec. This 
series is usually referred to as the io‘^^ 
electromagnetic spectrum, because the Fig. 
nature of each of its subdivisions is the 


VERY LONG 
WAVES 


RADIO 

HERTZIAN 


* 
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(HEAT) 

VISIBLE 
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GAMMA RAYS 


31. THE ELECTROMAO- 
NETIC SPECTRUM 
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same as that of the radiations or waves emitted when an electric 
charge is accelerated, a moving charge always being accompanied 
by a magnetic field. 

Quantum Theory 

Several phenomena, such as the radiation of heat from black 
bodies and the emission of electricity by certain substances when 
exposed to light of an appropriate wave length (photoelectric 
effect, p. 90), cannot be explained on the assumption that elec¬ 
tromagnetic radiation has the nature of a wave motion. On the 
other hand, the explanation follows rather readily if the radiation 
is considered to consist of little packets of energy, called quanta, 
or photons, which are emitted by the radiating body and travel 
through space with the velocity of light. The suggestion of quanta 
originally came from the German physicist. Max Planck, in 
1900, and the quantum theory has had startling success in ex¬ 
plaining some of the difficulties encountered in science. The 
situation then is the following: all interference, reflection, and 
refraction phenomena are well understood on the assumption 
that electromagnetic radiation is a wave motion; but other phe¬ 
nomena, such as the photoelectric effect and the radiation of heat 
from black bodies, are successfully explained only on the assump¬ 
tion that electromagnetic radiation is emitted in quanta. A 
reconciliation between these points of view has been accomplished 
recently through the use of a highly specialized mathematical 
tool known as the wave mechanics. 

EXERCISES 

1. If the intensity of illumination is one foot-candle at a distance of 10 feet 
from a light source, find the strength of the source. 

2. Two sources of light of strengths 5 and 10 candle power, respectively, are 
10 feet apart. At what point on a straight line joining the sources will the in¬ 
tensity of illumination be the same for both? 

3. If in Michelson’s experiment on the determination of the velocity of light 
the rotating mirror had been 30 mUes distant from the fixed mirror, how many 
revolutions per second would the former have had to make if it made one eighth 
of a revolution while light travelled from it to the fixed mirror and back again? 
Assume the velocity of light to be 186,000 miles a second. 

4. A concave mirror has a radius of curvature of 10 cm. An object 2 cm high 
is placed at distances of 15 cm, 7.5 cm, and 3 cm, respectively, from the mirror. 
Find, by means of an accurately made diagram and also by calculation, the posi- 
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tion, nature, and size of the image formed in each of the positions assigned to the 
object. 

5. Make the calculations and diagrams of problem (4) for the case of a convex 
mirror having a radius of curvature of 15 cm. 

6. A beam of white light falls on a plane surface of flint glass at an angle of 
incidence equal to 30°. If the refractive indices of flint glass for red and violet 
light are 1.6434 and 1.6852, respectively, find the angular separation of the red 
and violet rays after passing into the glass. 

7. If the velocity of light in air is 3 X 10^® cm /sec, find its velocity in a medium 
whose refractive index is 1.6434. 

8. A converging lens has a focal length of 15 cm, and an object 3 cm high is 
placed 20 cm and 10 cm, respectively, from it. Find, by calculation and with the 
help of an accurately made diagram, the position, nature, and size of the images 
formed. 

9. Repeat the determinations of problem (8) for a diverging lens of 15 cm focal 
length. 
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Chapter XXXII 


Electric Currents 
Heating and Chemical Effects 


In a number of past chapters we have had occasion to mention 
the use or presence of currents of electricity, e.g., in Thomson’s 
tube (p. 82), in electrolyses (pp. 308, 384), in lightning (p. 79); 
these, and other points of contact which the student may recall, 
arouse a natural curiosity about what we call an “electric current.” 
These currents are playing an ever increasing role in our daily 
lives, for we have only to look around us to see on every hand 
devices which have been adapted for use with electric power. 
Among them we notice electric lights, clocks, and refrigerators; 
the telephone; radio; television; etc. By and large it must be 
granted that these devices possess genuine utilities and that many 
of them have added immeasurably to the usefulness and joy of 
our daily lives. 

In this chapter we shall study a few of the important facts 
connected with electric currents. To begin with, one can say that 
an electric current is the result of a flow of electrical charges. When 
stated in such general terms, the questions immediately arise: 
What kind of charges take part in the flow, and through what 
type of medium does such a flow occur? It is in finding an answer 
to these questions that one discovers that electrical currents may 
be assigned to one of three categories: 

(o) Electron currents through metals. In Chapter V we discussed in 
detail the discovery and importance of the electron and showed 
that the difference between conductors and insulators was due 
to the existence of free electrons in the former. When these elec¬ 
trons move, en masse, in the conductor, they constitute an electric 
current and, as such, account for practically all of the large 
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amounts of current used daily in the electrical industry. Copper 
is the material usually used in electrical conducting wires, because 
the free electrons find less opposition in passing through a wire of 
this substance than through one of any other common metal 
except silver, and the price of the latter prohibits its extensive use. 

(b) Electron currents through vacuum tubes. A discharge tube 
usually consists of a glass tube having two electrodes sealed in, 
one at each end, and with the gas pressure in the tube reduced to 
a low value. Under these conditions it is noted (p. 82) that a 
stream of electrons will travel through the space between the 
cathode and anode whenever an electric field is applied. The 
stream of electrons, travelling through such a rarefied atmos¬ 
phere, is typical of this sort of current. The amount of current is 
usually small in such tubes, but in spite of this their importance 
should not be minimized, since such currents, particularly those 
in highly evacuated tubes with special electron-emitting cathodes, 
find application in X-ray tubes, photoelectric cells, and all radio 
and similar vacuum tubes (p. 87). 

(c) Ion currents through electrolytes and gases. In the case of con¬ 
ductors of the type mentioned under (a), although the electrons 
are the carriers of electricity, there must also be positiv(^ly charged 
particles present in the metal. From the atomic theory we know 
that the massive part of the atom rests in the nucleus, and in 
metals this remains fixed in the space lattice making up the crystal 
structure of the metal. These kernels, made up of a nucleus and 
some electrons, constitute the positive ions of the lattice. In solu-* 
tions of decirolyies (p. 329) which have in them relatively free 
positive and negative ions, it is possible to have a motion or mi¬ 
gration of both sets of particles. The current is made up of two 
streams of charged particles, namely, the negative ions travelling in 
one direction and the positive ions in the otlier direction in the ap¬ 
plied electric field. If a gas happens to be ionized and an electric 
field is applied, then the same holds true; there will be two 
streams of charged particles flowing in opposite directions. 

Before being able to classify currents as we have done, one 
must first know how electric currents can be identified. It is 
obvious from our present knowledge of electrons and ions that it 
would not have been possible to detect a current by direct obser¬ 
vation of the individual charged particles, since they are much too 
small to be seen and their individual velocities are far too great. 
If one cannot obtain first-hand information on the motion of 
charges, then the next best thing to do is to find some effect which 
a flow of charges will produce. A flow of many millions of such 
charges through conductors and electrolytes produces effects 
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which are large enough to measure and observe. The knowledge 
which we now have concerning the nature of such currents was 
obtained by observing the effects produced by them, following 
this up by theory and explanation, and arriving finally at the 
most probable nature of the fundamental processes. 

The three effects by which a current is usually recognized and 
measured are its heating, magnetic, and chemical effects. These 
are, in one way or another, fundamental to nearly all the applica¬ 
tions of electricity in everyday life. The table below is a short 
list of some practical applications of current electricity arranged 
according to this scheme: 


Heating Effect 
electric iron 
electric lights 
electric toaster 
electric stove 
electric waffle iron 


Chemical Effect 

flashlight batteries 
storage batteries 
electroplating 
electrotyping 


Magnetic Effect 

all magnetic motors 

telephone 

loudspeaker 

relays 

generators 


The Unit of Electric Current 

Having described in a general way what is meant by an electric 
current and also what effects can be noticed when such a current 
flows in a conductor, the next step is to introduce quantitative 
measures for such currents and their effects. Let us draw an 
analogy between a flow of water and a flow of charge. The flow 
of water in a pipe is very often measured in gallons per minute; 
in a similar way one might try to measure the number of electrons 
flowing in a wire per minute. However, since the electron charge 
is so small, a larger unit, termed the coulomb, is used to measure 
charge. This unit will be defined later (p. 572), when the chemical 
effect is considered; but some idea of the magnitude of the charge 
in a coulomb can be had from the fact that 6.3 X 10^* electrons 
= 1 coulomb. The unit of time in the definition of an electric 
current is chosen as one second, and hence the definition for the 
practical unit of current, called the ampere, becomes: a flow of 
charge through a conductor at the rale of 1 coulomb per second. In 
symbolic form this definition can be written: 



where I represents the current measured in amperes, and Q stands 
for the total charge in coulombs which has passed through the 
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conductor in t seconds. It is of interest to get some idea of the 
amounts of current experienced in practical work. On the side 
of the lower limits we find photoelectric currents of the order 10“^* 
amperes, whereas in the upper range we find that power houses 
have to supply currents as large as 10,000 amperes. The “wires” 
which carry the enormous currents in the latter case are large 
copper bars. 

Potential Difference and Resistance 

Before we can adequately discuss the three effects mentioned 
before, it is necessary to consider how electric charges can be 
made to flow and what factors influence their flow. The analogy 
to the flow of water in a pipe will help to make some of the prin¬ 
ciples clear. Suppose one were to inquire first into the conditions 
necessary for the flow of water through a pipe. The answer would 
be that there must be a pump some¬ 
where in the pipe line, or else a dif¬ 
ference in level must exist between 
the two ends of the pipe. In the 
electrical case the requirements for 
current flow are similar in that there 
must be in the circuit an electromotive 
force (battery or generator), or else a 
difference of potential must exist be¬ 
tween the two ends of the conductor. 

Imagine an electric current ^ flowing 
from A to B through the conductor 
in Fig. 1(6). In electrical terms this 
means that there is a potential differ¬ 
ence between A and B, and the po¬ 
tential at A must be greater than 
at B. The unit for such potential 
difference is called the volt, which is i. between 

the potential difference between two water flow and flow of 
points if 1 joule of work is necessary 

to carry 1 coulomb of charge from one to the other. The potential 
difference between the ends of the conductor is usually supplied 

^ When representing current flow in metallic conductors, the arrow is usually drawn to 
point in the direction in which positive charges would flow. This convention dates back 
to the early days of electricity when it was not known that the electrons or negative charges 
were really the carriers of electricity. It is necessary to bear in mind that the electrons move 
in the direction opposite to the “current flow." 
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by a battery or generator, which is said to have an electromotive 
force. The hydraulic analogy to this electrical circuit (6) is shown 
in Fig. 1(a). There exists a difference in level (or potential energy) 
between the water at the ends A and B of the slanting pipe AB. 
This difference in level is supplied by a pump, which raises the 
level (or potential energy) of the water at B to that at A. 

The flow of water per second through the pipe AB depends 
first on the difference in level between A and B, just as in the 
electrical case the current in the conductor AB depends upon 
the potential difference between A and B. The other factor which 
has to be considered before one can say how much water is going 
to flow through the pipe is the resistance offered by the pipe to the 
flow of water. If the pipe has a small cross section, or is very rough 
inside, then the water flow per second will be small; whereas for a 
large pipe, having a small resistance, the rush of water per second 
through the pipe will be large. In ihe same way an electrical 
conductor, say a wire, offers a resistance to the flow of charges 
through it (due to collisions with ions). Increasing the cross 
section of the wire reduces the resistance, and hence more current 
will flow for the same potential difference between the two ends 
of the conductor. The resistance, and the potential difference 
between the two ends of a conductor, are the two quantities 
which will determine the amount of current. 


Ohm’s Law—^Simple Circuits 


U 


R I 

■vwvwwv 


J 


The exact law of current flow was stated clearly for the first 
time by G. S. Ohm in 1827. He concluded that, in a conducting 

circuit in which all other conditions 
such as temperature, length, and 
cross-sectional area remain constant, 
the current I is directly proportional 
to the potential difference E and in¬ 
versely proportional to the resistance 
H of the circuit (Fig. 2). The resist¬ 
ance of a conductor depends upon its length, cross-sectional area, 
temperature, and the nature ^ of the material. The unit of resist¬ 
ance is the ohm, which ts of such magnitude that when 1 volt poten¬ 
tial difference exists across the terminals of a conductor having this 


Fig. 2. representation of 

THE FLOW OF CURRENT THROUGH 
A CONDUCTOR HAVING ELECTRI¬ 
CAL RESISTANCE 


^ Stated symbolically: R « plja, where p « the specific resistance of the material (a 
constant for the material at a given temperature), I •* length, and a «« area of the cross 
section. 
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i=l ampere 


R-lohm 



E=1 volt 

Fig. 3. a lamp having a 

RESISTANCE OF 1 OHM 


resistancej a current of 1 ampere will flow. 

Symbolically, Ohm’s law is: 

-I 

A simple illustration of Ohm^s law 
and unit resistance is seen in Fig. 3. 

A battery having an electromotive force 
( = emf or E) ^ of one volt is connected to a lamp L, and the cur¬ 
rent in the wire is found to be 1 ampere. The resistance of the 
lamp can be found by applying Ohm’s law to this circuit. Since 

j E .. T) E 1 volt . , 

/ = , then R = — = - - = 1 ohm, 

R II ampere 

which means that the lamp must have a resistance of 1 ohm. 

A Series Circuit 

A circuit of the kind shown in Fig. 3 represents the simplest 
type that one can experience in electrical practice. It is used in 


f? = 15ohms^ p,33f^ light bulb 


1 - 0.2 amperes 


Switch 


Battery 

L^||F- 

E=3 volts (2 cells) 

Fig. 4. a simple series 

CIRCUIT SUCH AS IS USED IN 
A FLASHLIGHT 


the ordinary flashlight, in which one or 
more cells are the source of electromo¬ 
tive force (Fig. 4). A small bulb fur¬ 
nishes light when a current passes through 
it, and a switch is included so that the 
circuit can be opened and closed. If the 
resistance of the bulb is 15 ohms and the 
battery emf is 3 volts, then, since 
I = E/R, I = 3/15 = 1/5 = 0.2 amp. 
Such a circuit is called a series circuit and is characterized by 
the fact that the current is the same in all parts of it. A common 
mistake is to think that the current which flows out of the lamp 
on the right (Fig. 4) must be less than the current which enters 
on the left. That this cannot be the case, when there is a steady 
current flow, should be evident from the fact that if the current 
(charge flowing per second) were different in the various parts of 
the circuit, then the charges would have to pile up or else get 


1 The electromotive force of a battery is measured in the same units as those for potential 
difference (volts). The electromotive force of a battery or generator is the potential differ¬ 
ence across its terminals when it is not being required to furnish any current. Because of the 
fact that all batteries and generators have a certain amount of internal resistance, the 
potential difference furnished becomes less as current is being delivered. Unless the internal 
resistance of a battery is specifically mentioned, it is customary to neglect it. 
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lost somewhere along the conductor. In terms of the water anal¬ 
ogy (Fig. 1), this would mean that the flow of water, say in 

gallons per minute, through various parts 
of a single pipe line would be different, 
which is of course contrary to experience. 
It is true that if a part of a continuous 
pipe line has a smaller cross section than 
the rest, then the velocity of flow is 
greater in this part; but the quantity of 
water flowing through the pipe per minute 
is the same in all parts of the line. 

At times it becomes necessary to con¬ 
nect several resistances or appliances to 
the same source of electrical energy (bat¬ 
tery or generator). One way of doing this 
is to connect them all in series in the manner shown in Fig. 5, 
The properties of such a series circuit are: 

(1) The current is the same in all parts of the circuit. From the previous 
explanation it follows that the same current passes through the 
ammeter (an instrument for measuring the current), the lamp, 
and the motor; hence la = Ii = Im — T 

(2) The resistance of the whole circuit is the sum of the individual resist-- 
ances of the ammeter, lamp, and motor. Hence we can write: 

i^total = Ra H“ H“ Rm 

and, if the resistance of the ammeter = 0.1 ohm, that of the 
lamp = 50 ohms, and that of the motor = 10 ohms, then the total 
resistance in the circuit 

jR = 0.1 + 50 + 10 = 60.1 ohms. 

(3) The current can he calculated by using Ohm^s law and applying it to 

E 110 

the whole circuit; I = —- = - = 1.83 amperes, and this is 

JRtotai 60.1 ^ ’ 

the current anywhere in the circuit. 

(4) The applied emf must equal the sum of the resulting potential differ- 
ences across each appliance. The potential difference across any 
one resistance (or appliance) can be found by applying Ohm's 
law to this part: 



r—VWWWV- 

E=110 volts 

Rm 


-WWWVt-1 


i 


Circuit diagram 

Fig. 5. a series circuit 


Fmotor = 7 X = 1.83 X 10 = 18.3 volts 

Fiamp = 7 X iZj == 1.83 X 50 = 91.5 volts 

JE'ammeter = 7 X Ra ~ 1.83 X 0.1 == 0.2 VOltS 

Total E = 110.0 volts == applied m/. 
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Parallel Circuits 

The other common method of connecting resistances or appli¬ 
ances to a source of electrical energy, and the one usually found 
in the electrical wiring of houses, is called the parallel connection. 
The arrangement is shown in Fig. 6, 
and the circuits are known as paral¬ 
lel (or multiple) circixits. The prop¬ 
erties of the typical parallel circuits 
shown in this diagram are: 


( 1 ) 


( 2 ) 


/Lamp 


Radio 


Rm=10ohms 

[•--- " 'A/VVWAAA— >" '1 
/m 


Ri = 50ohms 
I-WWV^A^->^ 

h 


Rr=20ohms 
I-wvwvw— 

/r 


£=110 volts £=110 volts 
Fig. 6 . parallel circuits 


The emf applied to each appliance 
(resistance) is the samCy namely, 

110 volts in the present case. 

The current through each appliance 
will usually not be the same. The 
amount of current through each 
branch circuit depends upon the 
resistance of this branch. The smaller this resistance, the greater 
will be the current. We can apply Ohm^s law to each branch: 

1 . 

Rn. 

110 
50 
110 
20 


/motor — 


lamp — 


no 

= = 11 amperes 


/radio = "fT" = 


E 

Ri 

Rr 


= 2.2 amperes 


= 5.5 amperes 


(3) 


(4) 


Total I = 18.7 amperes. 

The total current supplied by the source of power must be the sum of 
the currents taken through the various branches. In the example 
under consideration this will be 18.7 amperes. 

The total resistance which all three appliances together present to the 
source of supply can be found by applying Ohm^s law to the whole 
circuit, considering all three appliances replaced by one appliance 
or resistance. The value of this resistance would be: 


jRtotal = 


E 


no 


= 5.88 ohms. 


/total 18.7 

The total resistance can also be calculated from the relation; 


-Btotal 




Rl ^ Rr 


= 1 + 1 + 1 = 

10 ^ 50 ^ 20 

therefore, Stotal = ^ = 5.88 ohms. 
17 


10-1-2 + 5 
100 


17 . 
100 ’ 
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Having considered some of the properties of simple series and 
parallel circuits, we are now in a better position to understand 
the three effects by which current flow can be recognized and 
measured, namely, the healing, chemical, and magnetic effects. Of 
these, the first two will be considered together, simply for con¬ 
venience, in this chapter. The magnetic effect and its many im¬ 
portant practical ramifications will be reserved for the next 
chapter. 


THE HEATING EFFECT 

Whenever a current flows through a conductor, there will be 
some opposition to the flow because of the fact that the electrons, 
or ions if the conductor be electrolytic, will collide with each 
other as well as with the atoms, ions, or molecules of the conductor. 
The energy which has to be supplied by the generator or battery 
in order to overcome this opposition is transformed into heat 
within the conductor. The heat produced per second depends upon 
the resistance of the conductor and the amount of current flowing 
through it. At times such heat is desirable, but in most cases 
electrical circuits are so designed as to keep it at a minimum, 
because it represents a loss of useful energy. In such appliances 
as toasters, heating pads, and immersion heaters the heat is useful; 
but in electric motors, transmission lines, and generators it must 
be kept at a minimum. The production of heat by an electric 
current is referred to as the heating effect. Should the heat in the 
conductor become great enough to make the conductor white-hot, 
so that it gives off light as well as heat, one might refer to it also 
as the “light effect”; but such additional classification is hardly 
necessary since the latter effect can be treated as an extreme case 
of the heating effect. 

Considering again the simple circuit (Fig. 2) which represents 
a current I flowing through a resistance R, the potential differ¬ 
ence across R is given by Ohm’s law: E = IR, and according to 
the definition of potential difference (p. 563), the work done in 
transferring a charge of 1 coulomb from one end of R to the 
other is E joules. Consequently the work necessary to transfer 
Q coulombs through the resistance will be IF = QE joules. If 
none of this energy, which is supplied by the battery, is used for 
other purposes, then all of it goes into producing heat in the con¬ 
ductor. The amount of heat in calories can then be determined 
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from a knowledge of the mechanical equivalent of heat (4.187 
joules of work are necessary to produce 1 calorie of heat). 

The work done in the circmt can be written in the following 
forms: 

W (joules) = Q (coulombs) X B (volts) (a) 

and, since Q = It (p. 562) : 

W (joules) = E (volts) X I (amperes) X t (seconds). (6) 
Further, should the potential difference not be given, then, since E — IR: 

W (joules) = P (amperes) X R (ohms) X < (seconds) (c) 
and the heat: 

H (calories) = " • 

4.187 


Electrical Power 


In Chapter VIII, the connection between work and power was 
developed, using mechanical forms of energy as a vehicle. It will 
now be interesting to apply the same reasoning to electrical 
energy. Power is always defined as the time rate at which work is 

work 

done. Hence if the work is done at a uniform rate: power = -- 

time 

Work is usually measured in joules and time in seconds, hence 
the unit of power will be 1 joule per second, called a watt. 


Power (watts) = 


w ork W (joules) _ QE 
time t (seconds) t 


= IE (watts) 

V 


wherein the letters have the meaning assigned to them in the 
foregoing paragraphs. Engineers have accustomed themselves 
to another unit of power called the horsepower. Its relation to 
electrical and mechanical units is easily seen from: 1 horsepower 
= 1 HP = 746 watts = 746 joules/sec = 33,000 ft-Ibs/min. 


THE CHEMICAL EFFECT 

We shall now consider the second of the three effects commonly 
associated with currents. Most salts, acids, and bases when dis¬ 
solved in water produce solutions containing ions. Furthermore, 
as has already been seen (p. 309), if two oppositely charged elec¬ 
trodes are placed in such an electrolyte, a migration of the ions 
takes place towards these electrodes. The ions travel towards 
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the electrode of opposite sign, where they are neutralized and 
may be set free in metallic or gaseous form or else produce sec¬ 
ondary chemical reactions. A battery is used to keep up the 
electrode potentials so that the electrodes will remain charged 
and the migration will continue. In an electrolytic apparatus of 
this sort, electrical energy is clearly being used to bring about 
chemical changes. 

Faraday’s Laws of Electrolysis 

Between the years 1831 and 1834 Michael Faraday discovered 
the fundamental quantitative laws of electrolysis. These have 
since been an invaluable aid to chemists and physicists and form 
the foundation of the present science of electrochemistry. Fara¬ 
day arrived at two important generalizations: 

(1) The mass of a substance liberated or deposited at an electrode in 
an electrolyt/ic cell is proportional to the quantity of electricity 
which has passed through the cell. 

(2) When the same quantity of electricity passes through a number of 
different electrolytes, the masses of the substances liberated at 
the several electrodes are proportional to the chemical equivalent 
weights of these substances. 

The meaning of these two laws will be clear if reference is made to 
a specific example. Let us suppose that a current flows through 
several electrolytic cells as shown in Fig. 7. For the moment, con¬ 
sider the first cell A. Here silver is being deposited at the cathode, 
since the silver ions have a positive charge. Now it is evident that 
every silver ion which is neutralized removes a negative charge 
from the cathode, which must be supplied once more by the bat¬ 
tery if the latter is to keep up the potential of the electrodes. 
Hence we would expect the mass of the silver liberated at the 
cathode to be directly proportional to the charge which passed 
through the circuit. This is the meaning of the first law of Fara¬ 
day, and what has been said in connection with cell A applies 
equally well to the other cells, B and C. Clearly, then, the first 
law offers a way of measuring the quantity of charge (coulombs) 
and also the rate (coulombs per second or amperes); all that is 
necessary apparently is to measure the amount of material trans¬ 
formed at an electrode. How this may be accomplished is seen 
below. 
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In order to understand the second law one must be apprised of 
a few facts which apply to the type of circuit shown in Fig. 7, 
where three electrolytic cells are connected in series. First, it is 
true that in a series circuit the current is identical in all parts, 
and consequently (since charge = current X time) the charge 
which will go through each cell is the same, meaning that when 
charges are neutralized while depositipn takes place at the elec¬ 
trodes, the amount of charge neutralized at each electrode must 


Battery 


I I 1 



Sclution of silver Solution of copper Solution of sulfuric 
nitrate (Ag NO 3 ) sulfate (Cu SO4) acid (H^SO^) 

ABC 

Fig. 7. to illustrate faraday’s second law of electrolysis 


be the same. Secondly, the ions are singly or doubly charged or 
may even in some cases bear a triple charge. In the above example 
the ions of silver and hydrogen are charged singly, whereas the 
copper ion has a charge of two units. This fact is usually stated 
by saying that the valence (p. 293) of the two former ions is one 
and that the latter has a valence of two. It should be noted that 


in order to neutralize one ion of copper at the cathode, the latter 
must supply two electrons instead of only one, as would be re¬ 
quired when a univalent ion is discharged. Consequently, since 
the same amount of charge is neutralized at all of the electrodes 
in this circuit, twice as many hydrogen and silver ions will be 
discharged as copper ions, or the masses liberated will be propor¬ 
tional to the chemical equivalent weights | weight \ 

\ valence j 

ions. This is the meaning of Faraday’s second law. 

In the example given, the weights of the elements liberated at 


the cathodes, when the same charge flows through aU the cells, 


will be in the ratio; 
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Silver in A : Copper in B : Hydrogen in C 


chemical 

107.88 : 

63.57 : 

1.008 

equivalent 

1 

2 

1 

or 

107.88 : 

31.78 : 

1.008 


At the same time chemical changes will take place at the anodes, 
and here too the quantities of materials transformed will be in 
the ratio of their chemical equivalents. 

The chemical effect is used to define the legal international 
ampere: It is that current which, when flowing through a silver 
nitrate solution, prepared according to precise speciflcations, will 
deposit silver at the rate of 0.0011180 grams per second. Based on 
this definition of the ampere, the practical unit of charge is the 
coulomb, which is the amount of charge which will flow through 
a conductor in one second if the current is 1 ampere {Q = It). 
Apparently, then, 1 coulomb of charge is required to liberate 
0.0011180 grams of silver; and it follows that 96,500 coulombs 
would be required to liberate 107.88 grams, whicih is the chemical 
equivalent of silver. The chemical equivalent weight of any 
other ion would similarly be discharged by 96,500 coulombs of 
electricity. This quantity of charge (96,500 coulombs) is called 
the Faraday, in fitting tribute to the discoverer of the basic laws 
of electrochemistry. 

The charge carried by an ion in electrolysis, or for that matter 
at any time, is of considerable significance. It can be calculated 
from the Faraday and Avogadro’s number. Since there are 6.02 
X 10^® (Avogadro’s number) atoms in 1 gram atomic weight, it 
follows that a univalent ion carries a charge of 

p ^ coulombs. 

6.02 X 10-*® 

A bivalent ion carries twice this charge. The atomic nature of 
electricity is once more confirmed by the fact that this charge 
, turns out to be exactly equal to that of the electron, which has 
been measured by Millikan and Thomson, using entirely different 
methods (Chapter V). 

Faraday’s laws form the guiding principle in the practical appli¬ 
cations of electrochemistry in industry, namely, in electroplating, 
electrorefining, and electrotyping. In the electroplating industry 
the metal which is to receive a plate is made to act as cathode 
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and is immersed in a solution containing ions of the metal which 
is to form the plated coating. The purpose of the plating is usually 
to protect the metal underneath against corrosion. Common 
metals used in forming such protective coatings are copper, 
chromium, silver, nickel, and gold. Electrorefining consists in 
using the impure metal as anode and then allowing the current to 
deposit the pure metal on the cathode (p. 383). The vast quan¬ 
tities of pure copper which are required in the electrical industry 
for making copper wires and conductors are all prepared in this 
way. Electrotyping is a process very similar to electroplating. 
Ordinary typeletters are made of an alloy which is too soft to 
withstand the printing of thousands of copies of a book. Conse¬ 
quently an impression of the type is first made in another soft 
material (wax or plaster), and this mold is then thoroughly coated 
with graphite in order to make it into an electrical conductor. 
Finally, the conducting mold is put into an electrolytic cell, and 
copper is deposited in the mold until a thickness has been obtained 
suffi(;ient for printing. Such a copper electrotype, much harder 
than ordinary type metal, may be used for many thousands of 
impressions without the latter becoming indistinct. 

Cells and Batteries 

We shall turn now to what, in principle, amounts to the reverse 
of an electrolysis. In cells or batteries chemical changes occur 
spontaneously, thus producing electrical energy. These devices 
are usually small, more or less portable sources of electric currents. 
At the present time there is a very definite attempt to get away 
from the use of cells and batteries. Indeed if we look around us 
we will find that only a small fraction of the electrical equipment 
in daily use is made to operate on batteries. Doorbells and radios, 
which in previous years required batteries for their operation, 
now operate on the current supplied to us from the large genera¬ 
tors of the electric light and power sources. The reason of course 
is that batteries are often messy and have to be periodically re¬ 
placed at quite considerable expense. They still find a widespread 
use in flashlights in the form of the so-called “dry cell” and in 
automobiles in the form of storage batteries. These also will 
probably be replaced in time, but thus far little success has been 
attained in developing substitutes. 
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The above-mentioned cells or batteries/ as well as all others, 
depend for their action upon the conversion of chemical ener^ 
into electrical energy. Every cell has two electrodes at which 
chemical changes occur; they give rise to the current of electricity 
(electrons) flowing in the external circuit where work is done, e.g., 
lighting a lamp or ringing a bell. Inside the cell, and between the 
electrodes, there is an electrolyte, exactly as required in the elec¬ 
trolytic cells mentioned before. This completes the circuit, which 
begins at one electrode, extends through the external conductors 
to the other electrode and thence through the electrol 3 d.e back to 
the original electrode. The chemical reaction taking place in a 
cell is always of the oxidation-reduction type; the oxidation takes 
place at the one electrode (anode) and the reduction at the other 
(cathode).’* It will be recalled that such reactions always involve 
an electron transfer (p. 305) from the substance (or substances) 
that is oxidized to that which is reduced. In cells or batteries this 
electron transfer occurs through the conductors of the external 
circuit. Theoretically we should be able to employ almost any 
spontaneously occurring oxidation-reduction reaction in a prop¬ 
erly constructed cell to give us an electric current. Practically, 
however, we are limited to a very few combinations which have 
demonstrated their superiority for one reason or another. Three 
of these will now be described. 

Daniell Cell 

Electrons will not flow from one electrode of a cell to another 
unless there is a driving force, i.e., a difference in potential or 
electromotive force. We must so choose the reactions taking 
place at the electrodes that one will have a greater tendency to 
donate or give off electrons than the other; this will result in a 
current from the donor to the other which acts as acceptor, or as 
we more often call these electrodes, negative and positive. To 
help select a suitable set of reactions we may turn to the activity 
series of the metals (p. 304), since the latter, being electrical con¬ 
ductors, will make very suitable electrodes. The metals at the 

^ The terms “cell" and “battery" are often used interchangeably. Perhaps it would bo 
better to speak of a cell when only a single cell is meant and of a battery when a number of 
cells are connected together and act as a unit, i.e., a battery of cells. 

* In an electrolysis the positive pole is called the anode, whereas in a spontaneous cell 
reaction, such as here considered, the negative electrode is the anode. In either case no 
confusion should arise if it is remembered that the anode is always that electrode at which 
oxidation (loss of electrons by one of the reacting materials) takes place. 
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head of the list are the most active and have the greatest tendency 
to become oxidized, that is to say, to lose electrons and become 
ions.^ This tendency diminishes progressively as we pass through 
the series; in fact, it undergoes a reversal, and the metals at the 
foot of the list have a strong tendency to acquire electrons if they 
are in the ionic state, thus reverting to the metallic form. If we 
choose a rather active metal, Zri, and a rather inactive one, Cu, 
the tendencies toward entering the ionic state might be repre¬ 
sented as follows, where e has its usual significance, standing for 
an electron: 


Zn — 2e ^ ' Zn++ 
Cu - 2e Cu++. 


This combination of metals seems well suited for incorporation 
into a cell, since Zn has a tendency to donate, and Cu++ to accept, 
electrons. All that is neces¬ 
sary is to provide a suitable 
electrolyte; the metals being 
good conductors, may them¬ 
selves be used as electrodes. 

The Daniell cell (Fig. 8) is 
constructed along these lines. 

The zinc becomes negative 
with respect to the copper 
electrode; that is, it develops 
a higher electron potential 
because of the accumulation 
of electrons on it as the Zn 
atoms become ions. The elec¬ 
trons take the path of least 
resistance and travel through the external conducting circuit to 
the Cu electrode. Here they are transferred to copper ions Cu++ 
that come in contact with the electrode. If a voltmeter is con¬ 
nected to the two electrodes, it is noticed that the difference of 
potential between them is about 1 volt. 

Note that the electrolyte is composed of two superimposed 
solutions: one a dilute solution of zinc sulfate, the other a more 


External circuit 



^ For a similar use of the activity series in connection with electrolysis reactions see 
electrorefining of copper (p. 384). 
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dense and concentrated solution of copper sulfate. The reactions 
accompanying the transfer of electrons are: 

Zn -> Zn’^'^ + 2c 

26 + Cu++ -> Cu. 

The internal circuit is made up of moving ions. The negatively 
charged sulfate ions go toward the Zn electrode, for it is here that 
new positive ions (Zn"^+) are being formed. The copper ions Cu^'^ 
move toward the Cu electrode because of the electrostatic attrac¬ 
tion by the negative charge which this electrode has received 
through flow of electrons from the Zn. If the two solutions of 
different density in the cell were allowed to mix, then the Zn strip 
would react directly with the Cu"^ ions that came in contact with 
it; the same reaction products would be obtained as above, but 
the electron transfer would ensue upon contact of Zn with Cu"^"^ 
rather than after the electrons had traversed an external circuit 
in order to get from the Zn to the Cu+“‘'. 

One more thing should be said about this cell, and it applies to 
all other cells as well: the quantity of electricity flowing is directly 
related to the amounts of material transformed at the electrodes. 
Just as in an electrolytic cell, 96,500 coulombs bring about the 
transformation of 1 gram equivalent weight of material at each 
electrode (Faraday’s law); so in a cell which operates spontane¬ 
ously, producing current, one equiv¬ 
alent weight of material is trans¬ 
formed at each of the electrodes 
while 96,500 coulombs flow through 
the external circuit. 

Dry Cell 

This is a convenient, easily porta¬ 
ble type of cell that develops a po¬ 
tential of about 1.5 volts. It is much 
. used in flashlights and for radio 
batteries. The cell is not completely 
dry on the inside, for if it were, 
there would be no mobile ions to 
complete the internal circuit. Its construction is shown in Fig. 9. 
A cylindrical zinc cup acts both as container and negative elec- 
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trode. The electrolyte, a moist mixture of ammonium chloride 
NH4CI, zinc chloride ZnCh, and an inert substance like diatoma- 
ceous earth, is packed between the zinc casing and the central, posi¬ 
tive electrode, made of carbon. Around this electrode manganese 
dioxide MnOz is also included in the electrolyte mixture. This 
substance is an oxidizing agent and changes the hydrogen which 
would otherwise be liberated at this electrode to water. Accumu¬ 
lation of gas, as, for example, hydrogen, around an electrode is 
known as polarization; it is undesirable inasmuch as it sets up an 
almost non-conducting barrier in the circuit and thus prevents 
operation of the cell. 

Storage Battery 

In one sense all batteries are storage batteries, i.e., they con¬ 
tain, properly arranged, substances that possess definite amounts 
of chemical or internal energy, the latter being ready for release 
at any desired time as electrical energy. All cells cease to be of 
any use as sources of electrical energy as soon as one or more of the 
substances making up the electrolyte or electrodes becomes 
“spent” or used up. The cell must then either be discarded or the 
spent material replaced. The particular kind of cell we are accus¬ 
tomed to calling a storage battery is unique in that it may be re¬ 
stored or recharged by electrical means. We may bring the spent 
or “discharged” cell back to its original charged condition by 
merely passing an electric current through it in a direction oppo¬ 
site to that in which the cell itself has delivered current; in other 
words, by means of an electrolysis (an oxidation and reduction 
brought about by means of an electric current) it is possible to 
restore the contents of the cell to their original condition. Then 
the cell will again function as if it were new; and it will proceed, 
by a reversal of the above charging action, to deliver electric 
current whenever the external circuit is completed. What is appar¬ 
ently needed in a cell of this type is a set of materials that can 
undergo a reversible oxidation-reduction almost indefinitely. 
Only a few combinations meeting these requirements have been 
found, and even they may not be charged and discharged in¬ 
definitely—their “life” is usually a few years. 

The commonest storage cell is the lead type, so-called because 
the electrodes are largely lead. In the diagram (Fig. 10) it will be 
seen that the anode is made of lead and the cathode is of the same 
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metal except that the surface is covered with pockets filled with 
a brown solid, lead dioxide Pb 02 . The electrolyte is diluted sul¬ 
furic acid H2SO4. The reactions taking place at the electrodes 
during discharge may be represented as follows: 

["("1p'> + SO‘°-P‘>SO. + 2. 

11 

["^(cathodel^ ] ^ 

As the cell delivers electric current both electrodes are converted 
in part to lead sulfate, a solid insoluble substance which adheres 
to the electrodes; and the acid {i.e., H+ and SO 4 ") is partially 

consumed in this process. After a 
time the internal resistance of the 
cell reaches a point where prac¬ 
tically no more current will flow; 
the cell is said to be discharged. 
Then, by applying an outside 
source of current in the external 
circuit so that the electrons will 
flow in the direction opposite to 
that indicated in the equation 
above, we may, by electrolysis, 
reverse the above changes (change 
the direction of all the arrows) 
and restore the electrodes and the 
electrolyte to their original form. This is called charging or re¬ 
charging the cell. When it has been accomplished, the battery 
is almost as good as new and ready to deliver current. The elec¬ 
tromotive force of the cell is about 2 volts. 

Most storage batteries are used under conditions where they 
must furnish large currents. To yield large cwrents it must be 
possible for the discharge reaction above to occur on a large scale. 
This is accomplished by increasing the number and thus the 
surface of the lead and lead dioxide plates exposed to the elec¬ 
trolyte. All the lead plates are connected and form the anode; 
similarly, the lead dioxide plates are connected to form the 
cathode. 



Fig. 10. a lead storage cell 
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EXERCISES 

1. In what ways are the electric currents in the various types of conductors 
similar? How do they differ? 

2. Give reasons why a unit of current has to be so carefully defined. 

3. In a simple series circuit containing a battery, a motor, and a controlling 
resistance, where should the ammeter be placed to measure the current through 
the motor? Explain. 

4. What is the relationship between the heat produced by an electric current 
in a resistance, the work done in this circuit, and the power consumed? Give the 
units in which each is measured. 


PROBLEMS 

1. What is the resistance of a toaster that draws 5 amperes from a 110-volt 
line? 

2. How much current will a voltmeter of resistance 10,000 ohms draw when 
connected to a 45-volt battery? 

3. What voltage (potential difference) is necessary to send a current of 
5 amperes through an automobile bulb of 1.2 ohms resistance? 

4. Three conductors having resistances of 5, 10, and 20 ohms are connected 
ill series and to the 110-volt supply. Calculate (a) the total resistance, (h) the 
current, and (c) the potential difference across each resistance. 

5. Calculate the same quantities (a), (6), and (c) for the case when the re¬ 
sistances are connected in parallel and then to the 110-volt supply. 

G. A child, playing near a 110-volt outlet in a room, accidentally connects a 
screw driver (resistance iiro-o- ohm) across the terminals. Calculate the current 
and des(;ribe what will happen. 

7. How much energy does a lamp, having a resistance of 50 ohms and a 
current of 5 amperes through it, require in ^ hour? What form does this energy 
take? 

8. The work done in an electrical circuit is 10,000 joules per minute. What 
electrical power (in watts) is necessary to supply this circuit? If the power is 
being supplied by a generator, what is the output of the generator in horsepower? 

9. A '‘Mazda’^ bulb draws i ampere at 100 volts. What is the power con¬ 
sumption? 

10. The following currents are taken by some electric appliances when con¬ 
nected to a 110-volt supply: 

(а) toaster—5 amperes (c) heating pad—1 ampere 

(б) vacuum cleaner—^ ampere (d) flat iron—4 amperes. 

Calculate the power consumed (in watts) and the cost to run each for 20 hours 

at the rate of 10 cents per kilowatt hour (p. 133). 

11. How much charge (in coulombs) will flow through an electric light bulb in 
one minute if the current is 2 amperes? 

12. What amount of silver will be deposited by a current of 10 amperes flowing 
through an electrolytic cell for 1 hour? 

13. In order to produce a sufficient thickness of gold-plating on a certain 
vessel, a deposit of 2 grams of the metal is required. What steady current must 
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flow for 10 hours through an electrolytic cell in order to produce this result? 
(The valence of the gold ion is +1, and the atomic weight 197.2.) 

14. How much lead is formed at the negative electrode of a storage battery 
when being charged at the rate of 15 amperes for 24 hours. (The valence of lead 
is +2, and the atomic weight 207.2.) 
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chapter XXXIII 


Electricity and Magnetism 




Above 


Wire 


In the previous chapter heat and chemical changes were seen 
to be concomitants of the flow of an electric current under certain 
circumstances. At the will of the experimenter the heating effect 
or the chemical effect of a current may be put to many valuable 
practical uses. Even more important technologically are the 
magnetic effect of an electric current and its inverse, the produc¬ 
tion of an electric current with the aid of a magnet. Based upon 

this relationship between mag- ^- 

netism and electricity are two of 
the most important machines of 
modern times, the electric motor 
and the electric generator. Their 
principle of operation will be 
taken up in the later, pages of 
this chapter after we have laid 
the groundwork for their proper 
understanding. 

Ever since the early discoveries 

of electric charges and magnetic 

poles, scientists felt that there 

was some connection between 

them, and they spent much time paper towards the reader 
. , . X 1 i.* u* The broken circles represent the lines 

in trying to find the rGiationship. Qf force in the magnetic field. The arrows 

Volta, the famous Italian phys- direction of the field. ^ 

icist, who is credited with the first really practical type of 
electric battery (the so-called “Voltaic” pile), was one of those 
who were unsuccessful in the quest. It remained for Oerstedt 
(1777-1851), a Danish scientist, to discover the experimental 
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Fig. 1. THE BEHAVIOR OP MAGNETIC 
NEEDLES ABOVE AND BELOW A WIRE 
CARRYING A CURRENT OUT OF THE 
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fact that when a battery was sending a current through a 
wire a magnetic needle (compass) near the wire was deflected. 
Once the veil had been lifted, so to speak, the following ex¬ 
perimental facts followed in rapid succession: A small compass 
needle set itself at right angles to the wire, but reversed its direc¬ 
tion when taken from below to above the wire. In Fig. 1 is repre¬ 
sented a view of the cross section of a long straight wire carrying 
a current ‘ out of and at right angles to the paper and showing 


Front 


Magnetic v 
field 


/ I Current 
/ Back 


(o) 



CROSS-SECTIONAL DIAGRAMS 



^ V Magnetic 
^ field 
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Fig. 2. magnetic fields produced by currents 


the positions taken by a small magnet above and below the wire. 
Further experimentation showed that the magnetic field produced 
by the current was circular around the wire, the direction of the 
field being given by Ampere’s rule: ''// the right hand grasps the 
wire so that the thumb points in the direction in which the current is 
flowing then the magnetic lines offeree ^ encircle the ivire in the same 
direction as the fingers of the handi^^ The strength of the field at 
any point varies inversely with the distance of the point from the 
wire and directly with the strength of the current. Common and 
typical magnetic fields produced by currents flowing in wires 
and in coils of various shapes are shown in Fig. 2. It should be 
noticed that Ampere's rule applies in all these cases and enables 
us to predict the direction of the magnetic fields. In Fig. 2(a) is 

1 A customary notation in representing wires carrying positive currents is to use an 

arrow (->-). When a wire is carrying current at right angles to the paper and out¬ 

ward, i.e., toward the reader, just the tip of the arrow is seen and the convention O is used. 
To represent a current flow “into the paper,” the end of the arrow being visible, this con¬ 
vention ® is used. 

2 Sec page 79 for the method of representing electric and magnetic fields by lines of 
force. 
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shown the direction of the circular magnetic field produced by a 
current in a straight wire. Figure 2(6) represents some of the lines 
of force around a circular loop of wire of one or more turns. It 
will be seen that the field is at right angles to the plane of the coil. 
Adding more turns makes the magnetic field stronger. Lastly, 
in Fig. 2(c) is shown a solenoid with the windings spaced as in a 
helix. The magnetic field inside the latter is fairly uniform, and 
it should be obvious from the figure that such a coil acts as a 
magnet with the lines of force emerging (north pole) on the right 
and entering (south pole) at the left. The magnetic field inside 



FiQ. 3. ELECTROMAGNETS USED IN PRACTICAL WORK 
Left, horseshoe electromagnet. Center, shell type lifting magnet. Right, electro¬ 
magnet .such as used in motors and generators. 


such a solenoid can be increased by having a larger number of 
turns or by increasing the current through the turns. The mag¬ 
netic effect can also be greatly enhanced, sometimes by a factor 
of several hundred, by placing iron inside these coils and thus 
increasing the number of lines of force surrounding the coil. The 
solenoid is then equivalent to a very strong magnet. Such an 
arrangement is called an electromagnet. Strong magnets pro¬ 
duced by currents in coils arc used extensively when it is neces¬ 
sary to convert electrical into mechanical energy (Fig. 3). 

A study of the simple circuit diagrams in Fig. 4 shows how 
small electromagnets find application in the electric bell or 
buzzer, in the relay used to control large electric machinery, and 
in the receiver of a telephone system. In the last case the sound 
waves impinging on the diaphragm of the microphone produce 
rapidly varying pressures on the carbon granules. The electrical 
resistance of the circuit changes with this pressure, and the current 
fluctuates correspondingly. These changing currents pass through 
the receiver electromagnet, which exerts forces on the diaphragm 
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of the receiver in accord with the fluctuating current. Thus the 
electrical impulses are changed back into diaphragm vibrations 
which produce the sound in the receiver. 

BELL RELAY 



Microphone 


TELEPHONE 


Sound waves 


Diaphragm ^ i i u-***-*.* y ^ 

’- 1 1---' V Diaphragm 

Fig. 4. a few applications op small electromagnets 

Induced Currents 

The magnetic effects which have thus far been described in this 
chapter are all produced by electric currents. After the funda¬ 
mental discovery of Oerstedt {loc, cii.) it was only natural that 
scientists should try to find an inverse effect, 
^^'^instrumenr^^ This would be the production of an electric 

I-@- current from a magnetic field. First attempts 

• I direction were unsuccessful in that a 

magnetic field did not seem to produce an 
K AV electric current in a nearby conductor. The 

\\ honor for solving the problem goes to Fara- 

day (1791-1867), who in a rather accidental 
I ^ \ way discovered that the requirement for the 

production of a current was not simply a 
Fig. 5. faraday’s iiiagnetic field, but rather a changing mag- 
ExpERiMENT WITH netic field. His apparatus is shown schemati- 

in Fig. 5. There were two coils, A and 
B, wound separately on an iron core and in¬ 
sulated between turns. One of the coils was connected to a battery 


-Carbon granules 


.Sound waves 


Current measuring 
Instrument 


Battery 
Fig. 5. 


FARADAY S 
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and switch, while the other was in series with a sensitive current¬ 
measuring instrument called a galvanometer. Faraday found that 
no steady current flowed through the galvanometer, but only 
a very short and transient one just when the switch in circuit A 
was being opened or closed. Such a current is called an induced 
current, and we can consequently define it as a current produced in 
a conductor because of a changing magnetic field in the neighborhood. 
Faraday’s experiment is explained as follows: The current in A 
produces a large number of lines of force through the iron core; 
these in turn pass through the coil B, and the induced current is 
produced in the second coil only if these magnetic lines of force 
are changing. Such a change occurs when the current in coil A is 
increasing or decreasing just after closing or opening the switch. 
The production of electromotive forces and their resulting currents 
in conductors, due to changes in magnetic fields with respect to 
these conductors, is often termed electromagnetic induction. 

A good way of visualizing a magnetic field is to think of lines of 
force. We have seen (p. 80) that the number of such lines drawn 
normally through unit area can be used to represent the strength 
of the magnetic field in a certain small region. In referring to a 
coil or solenoid in which a magnetic field is produced, it is cus¬ 
tomary to speak of all the lines of force passing through the coil 
as the total magnetic flux. In terms of these representations the 
principle of electromagnetic induction requires that an electro¬ 
motive force and a resulting current will be induced only as long 
as the flux through the coil is changing. It should be noted that, 
due to the changing flux through the iron and the coil B, there 
will be an induced emf even though no galvanometer or other 
device is connected to the coil. 

There are two important properties associated with these in¬ 
duced electromotive forces and currents. The first deals with the 
direction of the induced emf or current and is usually known as 
Lenz’s law. This law states that the direction of the induced emf 
and consequent current is such that the magnetic action of the latter 
tends to resist the effect by which it is produced. The exact meaning 
of this law may be seen from examples o, 6, and c given below. 
The other property concerns the magnitude of the induced emf. 
Experimentally one finds that the induced emf depends directly 
upon the magnitude of the change in flux and inversely upon the 
time taken by the flux in changing from one value to the other. In 
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general terms, one can state that the induced emf = ^ 

and that it makes little difference what means are used to produce 
the change in flux. Relative motion between a conductor and a 
magnetic field can be obtained in many ways; but we shall men¬ 
tion only three, largely because of their outstanding practical 
importance: 


(a) By means of some mechanical force a conductor can be made to 
cut across a magnetic field, as shown in Fig. 6. It will be found 

that an induced emf exists between 
the two ends of the wire AB^ pro¬ 
vided the wire is moved so as to cut 
across some lines of force. If moved 
parallel to the magnetic field (f.c., 
from N to S), no effect is observed. 
In the case shown, the current would 
flow through the loop from A to 
ammeter to B. The explanation for 
this follows from Lenz's law. One 
infers from the latter that as the wire 
is made to move downwards, a force 
will arise which opposes this down¬ 
ward motion. This force of opposi¬ 
tion is a result of the counteracting 
magnetic field produced by the in¬ 
duced current. Since the magnetic 
flux {N to >S) passing through the loop containing the wire 
and galvanometer is increasing as the wire moves downwards, 
the induced current must flow so as to tend to decrease this flux, 
which means that the opposing magnetic field of the induced 
current must be from right to left through the loop. Now ap¬ 
plying Ampere's rule (p. 582), we note that this induced current 
in the moving conductor must 
therefore flow from B to A, 

A little later we shall see that 
this same principle is involved 
in an electric generator. 

(5) Whenever we change the total 
magnetic flux through a coil, 
an induced emf results which 
in turn will produce a current 
in the coil. If the magnetic flux through the coil shown in Fig. 7 is 
increased by the approach of the magnet, then the current must 
flow upward in the front of the loop (clockwise as seen from the 
right). This is so because the current will oppose the change by 



Fig. 7. current induced in a coil 

BY A MOVING MAGNETIC FIELD 



Fig. 6. an induced emf is pro¬ 
duced IN A conductor AB which 

CUTS ACROSS THE MAGNETIC FIELD 

NS 
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, Induced 
‘ current 


producing a magnetic field inside the coil in the opposite direction 
to that of the inducing magnet. 

(c) A changing current in one coil can produce, by means of its mag¬ 
netic field, an emf or current in another (Fig. 8). When the key in 
circuit A is depressed, a downward 
current is made to flow in the front 
wire of the coil A. The magnetic field 
produced by this current will extend 
to and pass through B, Due to the 
changing current in A the field through 
B will also change, thereby setting up 
induced currents whose dire(;tion of 
flow can be explained by means of 
Lenz^s law. The direction of the cur¬ 
rent in B will be clockwise (viewed 
from the right) when the switch in A 

is (ilosed, and counter-clockwise when circuit A is opened. Note 
that no current will flow in B after the key has been closed and the 
current in A is flowing steadily, f.e., without change. 



Close key 
Fig. 8. induced current 

PRODUCED BY A VARYING 
CURRENT IN A NEARBY COIL 


The Principle of the Generator 

The kind of generators which produce electric current for home 
and industrial use are based on the principle of electromagnetic 

induction. They consist essen¬ 
tially of three parts: (1) a mag¬ 
netic fields which is usually pro¬ 
duced by an electromagnet, 

(2) an armature, in which the 
currents are generated, and 

(3) a contact-making deidce with 
brushes through which the gen¬ 
erated current can be taken 
from the machine. 

In the diagram (Fig. 9) a gen¬ 
erator is represented in its sim¬ 
plest form. The armature coil, which is shown in cross section at 
the center, is made to turn about an axis at right angles to the plane 
of the paper. This is accomplished by some external driving force 
such as might be produced by a water turbine or steam engine. 
The magnetic field NS is produced by the electromagnet, the 
current for which is usually supplied from a small independent 
source. When the coil rotates, it cuts across lines of force; and 
because the flux passing through the coil changes, an induced 


Armature coil > 


Field 

magnet 





f-r 




Iron 

core 


Generated current 


and brushes 


r Electromagnet (field coil) v 


Electromagnet (field coil) 

Fig. 9. the essential parts of an 

ALTERNATING CURRENT GENERATOR 
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current is produced. A and B are the two opposite sides of the 
rotating coil in which the current is induced, and a little considera¬ 
tion will show that these two sections of the conductor do not, 
in all positions, cut exactly across the magnetic field; hence the 
induced emf should not be constant. The current is led out 
through brushes pressing down on slip rings which rotate with the 
armature. In Fig. 10 are reproduced schematically the various 



Fig. 10. NATURE of TaE emf induced in a coil rotating in a uniform 

MAGNETIC FIELD 

positions of the coil during one complete revolution; along with 
these are shown the magnitude and direction of the induced emf 
and current. The magnitude of the induced emf or current de¬ 
pends upon the rate at which the conductors cut across the flux. 
The induced current which flows from the coil through the slip 
rings and brushes to the external circuit is of the type known as 
alternating current. In the simple type of generator here de¬ 
scribed, the current repeats itself every revolution; and each repe¬ 
tition is called a cycle. A sine curve represents the magnitude of 
the generated current; this magnitude is therefore continually 
changing and even changes its direction every cycle. Alternating- 
current generators have now been standardized in this country 
to 60 cycles per second, and so constant does this number remain 
that electric clocks can be run, making use of the fact that the 
frequency will always be 60 cycles per second with a high degree 
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of accuracy. Since the frequency or number of cycles per second 
in an alternating current depends upon the speed of rotation of 
the armature in the generator, it is obvious that constant fre¬ 
quencies are obtained by establishing constant speeds of rotation. 

An alternating-current generator would work just as well if the 
armature were kept stationary and the field magnets were to 
revolve around or within the armature. This is quite often done 
in practice; and in such cases the speed of rotation may be re¬ 
duced, still obtaining 60-cycle current, if, instead of having only 
two poles (a North and South), many pairs of poles are made to 
pass in front of the now stationary armature conductors. The 
same may be accomplished in a generator of the first type de¬ 
scribed above by increasing the number of pairs of magnetic poles 
constituting the field. A visit to a power house is well worth while 
in order to see how these rather simple principles involving elec¬ 
tromagnetic induction are applied in practical forms and on a 
large scale. 

Direct-Current Generators 

An ideal direct-current generator is one which is designed to 
give a steady, non-fluctuating current. As we have seen in the 
previous section, the simple rotating coil in a uniform magnetic 
field gives a fluctuating or alternating current. In order to get 
direct or steady unidirectional currents, one proceeds in the same 
manner and generates first an alternating emf, but by means of a 
proper switching device arranges that the current which flows 
through the brushes and external circuit is always in the same 
direction and of constant amount. This is accomplished (a) by 
means of a commutator, which is arranged to make contact with 
only those conductors having current flowing in a certain direc¬ 
tion, and (6) hy adding enough conductors, one after the other 
around the armature, so that when the current in some is decreas¬ 
ing, that in others is increasing and thus, by tapping appropriate 
coils, a fairly constant and steady current is sent through the 
external wires leading to the consumer. 

Usually the commutator is a copper ring, split into many in¬ 
sulated segments, one for each coil, and having a smooth surface 
on which the brushes continually make contact. A single coil 
with a two-segment commutator is shown in Fig. 11. A careful 
study of the diagram shows that the current flowing through the 
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resistance R, external to the generator, is always in the same direc¬ 
tion (from right to left). The current in this case has two maxima 
in the same direction for each revolution of the coil. If more coils 
and commutator segments are added the output (*urrent does not 
drop back to zero and becomes much steadier, since the brushes 
are continually tapping coils that have reac^hed positions corre¬ 
sponding to an induced emf. 



External circuit 


"c 
£ 

Z3 

o 

Fig. 11. A COMMUTATOR IS USED TO MAKE THE INDUCED CURRENT ALWAYS FLOW 
IN THE SAME DIRECTION THROUGH THE EXTERNAL CIRCUIT 

Commercial Generators 

Some additional features which are incorporated in actual 
generators will be briefly mentioned. Instead of a single turn 
many turns of wire are put into a coil. Inasmuch as each turn of 
such a coil has an emj induced in it and since they are all connected 
in series, increasing the turns will increase the voltage output. 
The coils are usually distributed around the armature. This, as 
we have seen, tends to smoothen the output current in a direct- 
current generator. In order to increase the magnetic flux, an 
iron core is placed inside the rotating coils, thus multiplying the 
generated emf. Such a core is usually laminated and made of 
soft iron, which has the property of being easily magnetized and 
yet not keeping its magnetism permanently. The reason for 
having the iron in thin laminations rather than in a solid chunk 
is to prevent induced currents being set up in the iron itself, due 
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4 



Fig. 12. hydroelectric power station at boulder dam 
Showing four generators in place and a revolving magnetic field (40 poles) sus¬ 
pended from a crane. The field is for a vertical A. C. waterwheel generator supplying 
82,500 kilowatts. Courtesy of the General Electric Company. 
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to the changing flux through it. Such eddy currents are simply 
wasted and produce unnecessary heat. 

As mentioned before, the frequency of the commercial alternat¬ 
ing currents is commonly 60 cycles per second. To obtain this 
frequency a single coil (Fig. 10) would have to rotate 60 times 
per second. In order to decrease this rather high speed, most 
commercial alternating-current generators (Fig. 12) have more 
than one pair of north and south magnetic poles—four-, six-, 
and eight-pole machines being quite common. This would reduce 
their speed to 1/2, 1/3, and 1/4, respectively, and still give 60- 
cycle current. 


The Principle of a Motor 


In principle, an electric motor is the exact converse of a genera¬ 
tor. We recall that the purpose of a generator is to furnish cur- 
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magnetic field 


Lines of force due to current 


Fig. 13 . a conductor cutting across 

A MAGNETIC FIELD HAS A FORCE ACTING 
ON IT WHEN A CURRENT IS FLOWING 
THROUGH IT 


rent to an external load. This is accomplished by mechanically 
rotating a coil or a magnetic field with the aid of some engine 
such as a steam turbine. A motor requires an electric current and 
produces mechanical motion. 

Consider the conductor A whose end is seen in the diagram, 
Fig. 13. When this conductor is located at right angles to a mag¬ 
netic field and a current is sent _ 

through it (suppose that the cur¬ 
rent is flowing upward out of the 
paper), then a force is found to 
be acting on the conductor. This 
force is produced because of the 
mutual reaction of the two mag¬ 
netic fields, one being the original 
magnetic field NS and the other 
the magnetic field produced by the current through A. The same 
result will be obtained if we have a coil (AB, Fig. 14); in this 




y' >> 




Fig. 14 . the peinciple involved in 

ELECTHIC MOTORS 
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case rotation ensues because a moment or torque exists in all posi¬ 
tions except when the plane of the coil is vertical. In the vertical 
position the torque is zero, because even though the forces still 
act on the conductors they are in the plane of the coil and hence 
can produce no rotation. However, the armature to which the 
coil is attached can be kept rotating by placing’other coils in such 
positions that a torque will still exist due to the other coils, even 
though the AB coil exerts no torque. The commutator on a motor 
allows the applied current to pass into the appropriate coils and 
the resultant rotation is smooth. 

In coilimercial motors the same principles of construction apply 
as for generators. Iron is used in the armature and field magnets. 
As a matter of fact, in principle, any generator can be turned into 
a motor by the simple expedient of supplying it with current in¬ 
stead of mechanically driving it. 

t 

Alternating Currents and Transformers 


Input 


No 


h 


Output 


Secondary 

winding 


Primary 
winding 

Laminated iron core ^ 

Fig. 15. a transformer operates 

ON THE PRINCIPLE OF ELECTROMAG¬ 
NETIC INDUCTION 


As has already been pointed out, an alternating current is one 
that changes its magnitude and direction smoothly many times 
per second. The fact that the 
magnitude of the current changes 
has a most important practical 
application in the devices called 
transformers (Fig. 15). They 
consist of (a) an iron frame or 
core, which has to be laminated 
to prevent eddy currents, (b) a 
'primary winding Np, which is 
designed to carry the current 
put into the apparatus, (c) another winding, called the secondary 
winding Ns, which furnishes the output current. 

The operation is as follows: When a current flows in the primary, 
a certain flux is established in the iron. Since the current is alter¬ 
nating, the flux is also alternating, both in magnitude and direc¬ 
tion. Now this alternating magnetic flux passes through the 
secondary winding and induces in it an emf which varies in magni¬ 
tude because the amount of the flux through this coil is con¬ 
tinually changing with the primary current. If the number of 
turns in the secondary coil is increased, then for the same primary 
alternating current and changing flux, the additional turns will 
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also have voltages induced in them; and thus the secondary 
voltage will be stepped up. The significant fact in connection 
with a transformer is that the ratio between the voltage input and 
output EpIEn will he the same as the ratio between the number of 
turns on the primary and secondary windings NpjN,. 

Ep^Np 

E, N,‘ 

With this device voltages can be stepped up or down very simply 
by adjusting the ratio of turns between primary and secondary. 



Fig. 16 . 

Four 2.5,000 kilowatt transformers terminating a 220,000 volt transmission line 
and u.sed to step) the voltage down to 72,000 volts at the Saugus Station of the South¬ 
ern California Edison Company. In the background there is a bank of smaller dis¬ 
tribution transformers for further reduction of the voltage for commercial use. 
Courtesy of the General Electric Company. 


For example, 110 volts can be increased to 110,000 volts by plac¬ 
ing 1000 times as many turns on the secondary as on the primary, 
or the 110 volts can be stepped down to 11 volts (to run a toy 
train) by placing 1/10 as many turns on the secondary as on the 
primary. In order that the power (watts = volts X amperes) 
input Wp and output IF, remain the same, the current I must 
decrease whenever the voltage is increased, and conversely. Sym¬ 
bolically this may be written: 
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Power put in (Wp) = Power taken out (Tr«) 
TTp == J5Jp X Ip = TF. = j&a X I, 



The foregoing assumes that there is 100% efficiency in the con* 
version of input to output energy. While such an assumption 
would be far from correct for most machines, it happens to be 
almost true for transformers. Their efficiency is usually about 
99%, the slight loss of energy being in the form of heat. 

It is the ease of transforming voltages and currents from one 
value to another, as well as the great efficiency of transformers 


Transformer ® Transformer (2) 



Fig. 17. transformers used in alternating current transmission and 

DISTRIBUTION SYSTEMS 

and their lack of moving parts, that has made the use of alter¬ 
nating current so general. High-voltage transmission at present 
is only practical with alternating currents, since this is just the 
type of current suited to the transformer. A typical transmission 
circuit using transformers to increase and decrease the voltages 
is shown in Fig. 17. 


EXERCISES 

1. In what way does a solenoid carrying steady current behave like a magnet? 
What happens with alternating current passing through the coil? 

2. Give the similarities and dissimilarities between the action and parts of a 
DC motor and generator. 

3. Why are alternating currents used more than steady currents in power 
distribution? 

4. Would you expect any induced currents in an electric motor in which the 
armature is rotating? 

5. Make a list giving the names of electrical devices in which electromagnets 
are used. 
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PROBLEMS 

1. It is necessary to obtain an output of 6 volts from a toy transformer such 
as is used to run an electric train. What must be the ratio between the number of 
turns on the primary and secondary if the main supply is at 120 volts? 

2. The primary winding of a transformer designed for 110 volts has 500 turns. 
How many turns should the secondary winding have if it is to furnish a voltage 
of (a) 11,000 volts, (b) 1.1 volts? What must be the primary current of the trans¬ 
former if the secondary current in the 11,000-volt winding is 1 ampere? 

3. Using a simple type of alternating-current generator such as that pictured 
in P'ig. 10, what would the number of revolutions per minute of the armature 
have to be in order to generate a current having 25 cycles per second? 

4. The primary of a transformer has applied to it 200 volts and draws 20 
amperes from the supply generator. If the transformer were 100% efficient and 
the current in the secondary 1 ampere, calculate the ratio between the number of 
turns on the secondary and primary windings. What voltage will be produced in 
the secondary winding? 

5. If it is required to transmit the output of a 2000 volt—5000 ampere gener¬ 
ator to a distant point, how can this be accomplished if the transmission line is 
designed to carry a current of only 25 amperes? 
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Chapter XXXIV 


Radioactivity 

The Transmutation of Elements 


Near the end of the last century, shortly after Roentgen had 
made his discovery of X-rays, a French physicist, Becquerel, was 
searching for materials which would become fluorescent on ex¬ 
posure to these rays just as did the glass in an X-ray tube. While 
testing a salt of uranium, he happened to leave this material lying 
near some photographic plates which were still enclosed in their 
light-tight wrapping. Before using the plates, however, just to be 
sure that they had not been affected by stray light, he developed 
one and was surprised to find that the plate had been exposed in 
a manner which he thought could not have been due to visible 
light. Further experiments convinced him that the uranium salts 
with which he was experimenting were the cause of the darkened 
plates. They seemed to be sending out an invisible radiation that 
had no connection with X-rays and which was capable of pene¬ 
trating thick sheets of paper. It is interesting that out of these 
almost accidental observations grew the wealth of information we 
now possess about the radioactive elements and their remarkable 
radiations. 

It was soon shown that the radiations from such substances 
could be classified into three groups, called alpha a, beta /3, and 
gamma y rays. The alpha rays were easily absorbed by thin 
sheets of materials, e.ff., a piece of paper. They had the further 
property of ionizing the air around their source and thus were 
able to bring about the discharge of an electroscope.^ The beta 
rays were more penetrating and did not produce much ionization, 
but they were almost completely absorbed in a sheet of alumin- 

* See p. 75 and Fig. 3. 
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ium about 1 cm thick. Finally, the gamma rays were not only 
relatively good ionizers, but in addition they were the most pene¬ 
trating of all the rays and would even pass through metal plates 
many centimeters thick. 

The existence of these three types of rays is shown by placing a 
sample of certain radioactive substances in a lead box (Fig. 1 ) 

which allows the rays to emerge 
from a small opening and then 
applying a strong magnetic field at 
right angles to the path of the rays. 
It will be found that the 7 -rays are 
undeflected, whereas the /3-rays 
are bent considerably from their 
original paths. The n-rays are de¬ 
viated only slightly by this mag¬ 
netic field and in a direction op¬ 
posite to that of the /S-rays. 
Fundamentally, all a-rays are the 
same no matter from which ele¬ 
ment they spring; the same can 
be said for 0 - and 7 -rays, yet their 
properties vary somewhat with 
the source. Before discussing the 
elements that possess these properties which have come to be 
termed radioactive,’^ we will consider in greater detail the gen¬ 
eral nature of the radiations, for they have played a most im¬ 
portant part in the development of contemporary physics. 



Magnetic 

field 


Source 


Fig. 1. DEFLECTION OF THE ^'rAYS” 
FROM A RADIOACTIVE SOURCE BY A 
MAGNETIC FIELD AT RIGHT ANGLES TO 
THE PLANE OF THE PAPER 

Pole pieces shown by circle. 


The Alpha Rays 

The name rays when applied to these radiations is really mis¬ 
leading, since they have been shown to be small particles; in fact, 
they are identical with helium nuclei (p. 104), having a positive 
charge of + 2 c and an atomic mass about four times that of the 
hydrogen atom. They are very massive for their size and are 
ejected from radio-active material with extremely high velocities. 
On account of their high energy they will produce fluorescence 
(scintillations) when they strike certain crystals such as zinc 
sulfide or barium platinocyanide. Rutherford used this property 
to detect a-particles in his early experiments. A ^^spinthariscope’' 
for observing the ^ ^splashes of light” or scintillations produced by 
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a-particles is shown in Fig. 2. It consists of a tiny source of radio¬ 
active material S mounted in front of a screen F which forms one 
end of a cylindrical tube. The screen is covered with the fluores¬ 
cent material, and the scintillations are magnified by observing 
them through a lens at the other end of the tube. 

The a-particles, in spite of their high initial velocities, are 
fairly easily brought to ^Test,^’ ^ since they collide frequently with 
molecules in passing through air or other materials. Each impact 
results in the partic^le giving up some of its energy to the molecule 
struck. Thus, after travelling a short distance, a matter of centi¬ 
meters in air, the a-particles have usually lost sufficient energy 
to slow them down to the speed of ordinary gas molecules. The 


Source of rays 



Magnifying lens 


Fig. 2. a spintiiahiscope for 

VIEWING SCINTILLATIONS PRO¬ 
DUCED liY a-PARTICLES STRIKING 
A ZINC SULFIDE SCREEN 


distan(*e at which this occurs from the source, in air, is called the 
range of the a-particle. The a-particles from radium are reduced 
to this speed by 3.3 cm of air, under ordinary conditions, or 0.01 
cm of aluminium. The thickness of material ne(?essary to stop the 
rays is an excellent measure of the energy of the particles, and 
hence this energy is frequently expressed by the range in air at 
standard conditions. For example: The ^^enia-gy’’ of radium F 
(polonium) a-particles is 3.77 cm in air at normal pressure and 
15°C. 

The molecules of the other substances, e.g,, air, that are struck 
by swiftly moving a-particles are in turn ionized by the collisions. 
The particles from polonium F have an initial velocity of 1.68 X 
10-^ cm/sec, about 2 V that of light, and will produce 163,000 ions 
before coming to ^^rest’^ as ordinary molecules in the air. The 
fact that the a-particles are good ionizers of gases can readily 
be demonstrated with the electroscope, shown in Fig. 3. If it is 
charged positively, it will remain so as long as no charges leak off 

i By “rest'’ is meant to the same speed, and therefore energy, as is possessed by ordinary 
gaseous molecules of helium. Because of the energy absorption by the surroundings as 
a-rays are slowed down, radium, which emits these rays during its disintegration, con¬ 
tributes 135 calories per gram per hour to its environment. Consequently, 1 g of radium 
will yield about 2 billion calories before it has practically disintegrated, but it will take 
10,000 years to do sol 
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%jons^ 


the deflected leaf system. However, as soon as the air molecules 
surrounding the electroscope become ionized due to the presence 

of a-rays, the negatively charged 
ions will be attracted to the posi¬ 
tively charged leaf system and thus 
discharge the electroscope. The rate 
of discharge of the leaves is a 
measure of the degree of ionization 
produced in the vicinity of the 
instrument., and this in turn is a 
measure of the strength of the 
radioactive source giving off the 
a-rays. This method of measuring 
the strength of radioactive sources 
is a standard procedure in working 
with such materials. Quite fre¬ 
quently one reads in newspapers of 
instances in which small amounts 
of radioactive materials were mis¬ 
placed and, later, dramatically recovered by carrying around 
a charged electroscope from place to place and observing the rate 
of fall (discharge) of the leaves. 



Fig. 3. the discharge op an 

ELECTROSCOPE BY IONS PRODUCED 
BY COLLISIONS BETWEEN a-PARTI- 
CLES AND SURROUNDING AIR MOLE¬ 
CULES 


The Charge and Mass of an Alpha Particle 

It is relatively easy to show that a-particles have a positive 
charge (p. 598). Of greater theoretical importance are the amount 
of such charge and also the mass of the particles. To obtain the 
first of these values, a-particles from a small point source are 
allowed to fall on a zinc sulfide screen, and the number arriving 
in a given time is determined by counting scintillations.^ The 
positive charge on this same number of particles is then found by 
catching them in a metal receptacle connected to a calibrated 
electroscope. It thus becomes possible to calculate the amount 
of charge on one particle. The result, as we have already indicated, 
is +2e where e, as usual, represents the magnitude of the charge 
of an electron. 

The mass of an a-particle cannot be determined in quite so 
direct a manner. By using electric and magnetic fields to deflect 

1 The experiment is preferably performed in a vacuum so that collisions with air mole¬ 
cules do not introduce complications. 
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the particles [similar to the method of Thomson (p. 82) for 
electrons], it is possible to find the ratio of their charge to mass 
ejm. This ratio turns out to be one half the value of e/m for 


Fig. 4. sir ernest rutherford (1871- 
1937), WHO pioneered in the study of 

RADIOACTIVE MATERIALS 

Courtesy of Science Service. 



hydrogen nuclei (protons), which latter value was found through 
electrochemical and other methods. Although this fact did not 
in itself definitely establish the nature of a-particles, yet, when 

combined with the charge of 
+2e, it suggested to Rutherford 
that the mass of these particles 
was probably four times that of 
the proton. This immediately di¬ 
rected attention to the element 
helium, whose atoms are approxi¬ 
mately four times as massive as 
those of hydrogen. Experimental 
proof of the correctness of this 
Fig. 5. heuum can be produced view was supplied by Ramsay and 

S represents the source and R the Soddy, who Were able to shoW 
region in which combination between that a-particles COUld be COn- 
a-particles and electrons takes place. , i- . . , , 

verted mto neutral gaseous helium 
atoms by addition of two extranuclear electrons to each particle. 
Their experimental procedure is illustrated by Fig. 5. In this 
apparatus electrodes A and B are sealed into the upper glass 
vessel, G, which is used for the purpose of testing for the presence 
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of helium spectroscopically. The inner tube D is constructed of 
very thin glass, which allows the a-particles from the source S to 
enter the surrounding glass-enclosed space R. In the beginning, 
with the source of a-rays removed, no traces of helium could be 
observed in tube G; but after the source was placed in the position 
shown, it was not long before the helium spectrum was observed 
in the discharge between A and B, thus proving the production 
of helium from the a-rays. The transformation might be repre¬ 
sented by an equation, similar to those used for chemical reactions: 

He++ -t- 2e He. 


Saturated 


Rays enter 
f- here 


Piston for sudden 
expansion of moist air 

Fig. 6. a wilson “cloud” chamber 


Before leaving the subject of a-particles, the very important 
work of C. T. R. Wilson, in making visible their tracks, must be 

Glass plate through which mentioned. He invented an 

L to view tracks apparatus (Fig. 6), with the 

pjLays enter which much has been 

iT learned about the nature of 

collisions between atoms and 
charged particles. It is based 

Piston for sudden the fact that air can 

expansion of moist air temporarily oversaturated 

Fig. 6. a wilson “cloud” chamber 

are no dust or other particles present on which water droplets 
may condense. When an a-particle enters such a region of super¬ 
saturation, ions are formed by collision with the air molecules 
along its path, and condensation of moisture takes place on these 
ions, leaving a streak or “track” of fog. These a-ray tracks, 
being made up of little droplets of water, may be photographed 
and then examined at leisure. The apparatus is usually referred 
to as a Wilson cloud chamber, and the condition of supersaturation 
is produced by the sudden withdrawing of a piston from a cylinder 
containing moist air; this causes expansion, cooling, and super¬ 
saturation, with the result that the tracks become visible as 
droplets of mist. 


The Beta Rays 

In a magnetic field these “rays” ^ were deflected in the opposite 
direction from the a-rays (p. 598), showing that their charge was 

1 Here, as in the use of the words a-ray a, the term ray may seem to be misleading, since 
both a- and /3-rays are minute partuica. However, the use of ray may be justified in that the 
particles usually travel many centimeters in a straight line, and very swiftly. Also, recent 
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negative. In order to measure their velocity, charge, and mass, 
experiments were begun soon after their discovery to determine 
the “e/m” by exposing them to the deflecting action of electric 
and magnetic fields. These experiments indicated that /3-rays 
were electrons, for the value obtained for e/m agreed reasonably 
well with the values of this ratio for the cathode rays (electrons) 
as found by Thomson (p. 82). From the same experiments it was 
possible to determine the velocities of ^-rays from radioactive 
sources, and they were found 
to cover a wide range from 0.1 
to 0.9 of the velocity of light. 

Particles with such tremendous 
velocities had been unheard of 
before, and it seemed all the 
more remarkable that they 
should emanate from the tiny 
kernels of invisible atoms. A 
careful check on the value of 
e/m for /3-particles revealed the 
fact that this ratio became less 
for the faster moving ones. 

This could mean that either 
the charge e became less at the 
higher velocities or else the 
mass must have increased or 
both. The interpretation given 
by Einstein in his theory of 
relativity was that the decrease 
in the ratio was due to an in¬ 
crease in mass. The theory en¬ 
abled him to calculate exactly how much the mass of par¬ 
ticles should increase as their velocity approached that of 
light. The concordance between the increase in mass, as found 
experimentally, and the predicted value furnishes direct experi¬ 
mental confirmation of the theory. 

Some other properties of the beta rays that are of value in dis¬ 
tinguishing them from alpha rays are: 



Fig. 7. tracks produckd in a wilson 
CLOUD chamber BY POSITIVE (p. 613) 
AND negative electrons in the pres¬ 
ence OF A magnetic field 
The slower the velocity of the electrons 
the greater the curvature of the track. 
Courtesy of Science Service. 


experiments have shown that these particles possess properties like light rays in that they 
may exhibit interference (p. 506), as do waves. In this text the terms ray and particle will 
be used interchangeably when applied to alpha and beta emissions. 
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(а) The j3-rays are much more penetrating than the a, being able to 

travel through several meters of air and a thickness of metal 
about 100 times as great as that for a-rays, ' 

(б) They do not ionize gases as much as the a-particles and hence are 
quite difficult to detect in Wilson cloud chambers. 

(c) Because of their small mass, and despite their high velocity, the 
energy of a single beta particle is not sufficient to produce indi¬ 
vidually visible scintillations on a zinc sulfide or other screen. 

The Gamma Rays 

These rays, and they may truly be called rays, are distinguished 
from the a- and the /3-particles by their much greater penetrating 
power and the fact that they cannot be deflected by either elecdric 
or magnetic fields. They are electromagnetic waves (p. 557), 
like X-rays, and, as su(ffi, their nature is that of a wave motion 
having the velocity of light; yet they differ from ordinary light 
in that their wave length is much shorter, even shorter than for 
X-rays. As the wave length of such waves decreases they be(;ome 
more penetrating, 7 -rays being able to travel through as much as 
one foot of iron. 

Another important property possessed by these penetrating 
7 -rays is that they are ionizers of gases. This fact makes it rela¬ 
tively simple to detect their presence and estimate their intensity 
by a measurement of the amount of ionization they produce in a 
gas, usually air. Lastly, their action on a photographic plate 
should be mentioned, because this property is used in making 
shadow pictures (similar to X-ray pictures) of materials through 
which even the most penetrating X-rays will not pass. 

The Naturally Radioactive Elements 

These elements have the property of spontaneously emitting 
one or more of the above-mentioned radiations and are found 
almost exclusively at the end of the Periodic Table; they have 
atomic numbers from 81 to 92.^ The study of the amount and the 
nature of their radioactivity formed a large part of the early re- 
searcli with these substances. It was found that the activity was 
not influenced at all by any chemical changes which these elements 
underwent with others; neither could the activity be influenced 
by any changes in their physical condition, such as temperature, 

> Potassium, rubidium, and samarium, among the lighter elements, also exhibit feeble 
natural radioactivity. 
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pressure, etc. The disintegration of the radioactive elements was 
seen to be a process over which we cannot exercise any control. 
The latter may seem reasonable if we recognize that the instability 
of atoms, which we call radioactivity, is associated with the 
nucleus^ whereas ordinary chemical and physical changes affect 
only the atom as a whole or the energies or configurations of the 
electrons outside the nucleus. All the experimental evidence ac¬ 
cumulated thus far indicates that the radioactivity of elements is 


Fig. 8. madame marie curie (1867- 
1934), THE CO-DISCOVERER OF RADIUM 
Courtesy of Science Service. 



a nuclear phenomenon, and scientists believe in this hypothesis 
so strongly that they now study radioactive disintegration in order 
to gain more knowledge of the nucleus. 

The best known of the ten heavy, naturally radioactive ele¬ 
ments is radium (atomic number 88), discovered by M. and 
Mme. Curie. The small amount they obtained (a fraction of a 
gram) from a uranium ore required that tons of the latter be 
treated with tons of chemicals before the tiny amount of radium 
could be separated from the large amounts of inactive residue. 
Their perseverance and efforts were doubly rewarded in that they 
became the discoverers of the most practical source of radioactive 
rays and also the recipients of the most treasured award in sci¬ 
entific research—the Nobel Prize. While isolating and separating 
raditun, Mme. Curie found other new radioactive elements, one 
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of which she called polonium in honor of her native country, 
Poland. 

Radium is used in medical treatments of malignant growths 
and hence is in great demand by hospitals and physicians. Because 
of the great activity of the radium “rays” they will destroy 
healthy as well as diseased tissue, and hence the handling and 
storing of radium must be carefully controlled. It is usually kept 
in isolated lead-lined rooms, and operators work with it only 
from a distance by means of mechanical devices. The radium 
itself is seldom brought out for use; it is kept merely as a reservoir 
or source of another element, called radium emanation or radon 
(atomic number 86), which is one of the by-products of the disin¬ 
tegration of radium and occurs in the form of a gas. The latter, 
itself radioactive, is collected and sealed into small glass tubes 
called “needles.” These are the weapons with which the physician 
attempts to allay or destroy a cancer. 

Because of the labor involved, the scarcity of the ore, and the 
large quantity of chemical reagents required for the separation 
of the radium from the ore, the price of radium is approximately 
$25,000 per gram. 

Radioactive Series 

The ten naturally radioactive elements referred to above have 
altogether over 40 isotopes. Their interrelation is rather complex 
since many of them are formed from, and decompose into, other 
radioactive elements. It has been clearly established that when 
an element emits a-particles it loses two positive charges and 
hence changes to another element two units lower in atomic 
number and two places nearer the beginning of the periodic 
classification. Simultaneously, the mass decreases by 4 units, 
due to the lo.ss of the a-particle. On the other hand, when an 
element emits a jS-particle its nucleus is left with an increased net 
positive charge of one, which means that the element changes to 
one having an atomic number one unit greater than before. 
During this latter transformation there is no appreciable change 
in atomic weight. In nearly all cases the new elements are also 
radioactive and are further transformed into other elements. By 
tracing the history of these substances from one disintegration to 
the next, it has been found that all the known naturally radio- 




Atomic number 


Fig. 9. onk of the three natural radioactive series 
An Of-particle omission moves the element down two in atomic number and four in 
atomic weight. A /S-particle emission moves the element up one in atomic number and 
produces no change m atomic weight. 
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active elements originated from one of three parents: uranium, 
actinitun, or thorium. Recent evidence indicates that actinium 
itself came from one of the isotopes of uranimn, so that one can 
say that they all stem either from uranium or thorimn. In Fig. 9 
there is a “family tree” or series showing the transmutations from 
element to element as a- or /3-rays * are given off. Only the uranium 
series is shown, it being typical of the rest. Many interesting 
facts have been learned from a study of the three radioactive 
series. First, there is the great similarity in the three series of 
changes: All tend towards lower atomic number and weight and 
finally end with the element lead of atomic number 82; but there 
is this difference, the isotope of lead which results is, in each case, 
of different atomic weight, i.e., 206, 207, or 208. These three 
isotopes of lead, like all other lead, show no radioactivity. Sec¬ 
ondly, each change is accompanied on the diagram by a number 
which represents the half-life period. This is the time required for 
half of the material to disintegrate or change into the next product. 
It is seen from the chart that a sample of Uranium I will take 
4.4 X 10^ years for half of it to disintegrate—quite a long life— 
whereas the gas radon Rn will break down to half its original 
quantity in 3.8 days. These half-life periods are useful in cal¬ 
culating how much of the different decay products should be 
present in a given sample after a given time. They enable the 
geologist to do the reverse, that is, calculate the age of a given 
sample of uranium ore from a knowledge of the amount of the 
decay products present, usually lead or helium (p. 490). In this 
way the age of the Earth is estimated to be 2,000,000,000 years, 
assuming that the Earth and the uranium-bearing rocks in it were 
formed at the same time. 

In concluding this section on the natural radioactive transfor¬ 
mations, it is well to point out that the dream of the early alche¬ 
mists to transform one element into another has been realized. At 
present we know that this has been occurring all the while amongst 
the naturally radioactive elements. Of course, these transmu¬ 
tations are not under our control; we neither start nor can we stop 
them, but on p. 614 it will be shown that it is now possible to 
make, in the laboratory, artificial radioactive elements over whose 
production at least we have control. 

1 The y-^raya which accompany the other rays are produced by secondary processes and 
do not concern the transformations under discussion here. 




Fig, 10. A PRESSURE electrostatic generator constructed in WASHINGTON 

FOR research in NUCLEAR DISINTEGRATION 
The large pear-shaped vessel P (60 feet high) is pumped up to a high pressure. By 
means of charges sprayed on a moving belt (shown cut away at B) the potential of the 
sphere S is raised to several million volts and this electric field is then used to acceler¬ 
ate ions for riuclear bombardment in the long tube whose ends are visible at C and 
D. The service door which can be sealed is shown at F. Courtesy of the Carnegie 
Institution of Washington. 
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Artificial Disintegration of Nuclei of Atoms 

Ever since the early successes of the Rutherford-Bohr theory 
of the nuclear atom, experiments have been devised attempting 
to split up the nucleus so that further knowledge might be gained 
concerning its structure. It was soon realized that the forces 
holding the nucleus together were very large and that, figuratively 
speaking, the nucleus was a “hard nut to crack.” In this connec-- 



Fig. 11a. the essential parts of a cyclotron 


_ This has been constructed at the University of Michigan for speedily up tiny posi¬ 
tive ions until they have energies equivalent to millions of volts. The upper and 
lower cylinders contain the pole pieces of a hu^e electromagnet; between these is 
found the evacuated chamber shown in detail in Fig. 116. Courtesy of Dr. J. M. Cork. 

tion it may be said that one might expect the binding forces to 
decrease and the nuclei to become less stable as their size and 
weight increase, i.e., as one ascends in the scale of atomic numbers 
in the Periodic Table. This is borne out by the fact that the 
heaviest elements are naturally unstable. -Despite a comparatively 
imfavorable choice of materials, Rutherford (1919) succeeded in 
breaking up the nuclei of some of the lighter elements by bombard¬ 
ing them with other nuclei. The “bullets” which he used at first 
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were the a-particles from radium because they were small, had a 
small positive charge, and possessed tremendous velocities. In 
these experiments it was important that the particles have a 
small charge in order that they be not too strongly deflected by 
the charge on the nucleus of the atom being bombarded. Ruther¬ 
ford used a Wilson cloud chamber to make the tracks of the 
particles visible. On placing nitrogen gas in the chamber, he 



Fig. 116 . the ion chamber of a cyclotron in the process of assembly 


The ions are formed at the center and made to travel in a spiral path with ever 
increasing speed until they liave enough energy to be of use in nuclear disintegrations. 
Courtesy of Dr. J. M. Cork. 

found that a hit between an a-particle and a nitrogen nucleus did 
not occur frequently; ^ but in the few cases in which a collision 
was noted, a particle having a much greater speed than the a-ray 
was observed to emanate from the nucleus. This particle had the 
mass of a hydrogen nucleus (proton); hence the interpretation 
given was that an a-particle was captured by a nitrogen nucleus 


1 It was necessary to take many hundreds of photographs before a hit was observed. On 
the average, there is 1 hit for every 50,000 of-tracks observed. 
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and a proton was shot out. The remaining nucleus must be an 
isotope of oxygen according to the equation: ^ 

+ 2He^ sO" + iHi. 

This reaction represents the first observed artificial transmutation 
of an clement. 

Rutherford’s experiments on disintegration by nuclear bom¬ 
bardment have been extended by his students and other scientists 
to many of the elements, and with truly remarkable results. In the 
course of this work they found that the number of a-particles 
which could be obtained for bombardments from the natural 
radioactive sources was too limited, and hence to obtain more 
intense sources they developed machines for accelerating small 
charged particles. The particles which are so accelerated are 
usually protons (iH^) or deuterons the nuclei of ordinary 

hydrogen and the recently discovered heavy hydrogen, respec¬ 
tively. The machines fall into two classes: (a) high-voltage 
machines which produce very large and steady electric fields 
(Fig. 10), and (b) cyclotrons (Fig. 11). In the first type of appa¬ 
ratus the charged particles find themselves in an electric field 
which acts on them continuously with an accelerating force until 
they have speeds and energies equivalent to several millions of 
volts. Such high voltages require elaborate precautions, because 
of difficulties encountered through the ionization of the surround¬ 
ing air; and present practice is to perform the experiments in large 
steel tanks, with the air, or some appropriate gas, under pressure. 
The other type of apparatus, known as the cyclotron, is a develop¬ 
ment of Professor E. O. Lawrence of the University of California. 
In this method the protons or deuterons, instead of being con¬ 
tinuously accelerated until they have reached sufficient velocity, 
are accelerated periodically by an electric field and are made to 
travel in a spiral course by a strong magnetic field applied nor¬ 
mally to their plane of motion. After a sufficient number of revo¬ 
lutions and accelerations the energies of the protons or deuterons 
are equivalent to the application of an electric field of several 
million volts. By either of these two types of machines the par¬ 
ticles are given enough energy so that they can be used to produce 
nuclear disintegrations. As an example, we may consider the 
transformations brought about in the case of the metal lithium: 

1 The upper numbers represent the nuclear masses and the lower ones stand for the pofii* 
tive charge on the nucleus, i.e,, the atomic number. 
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(a) When lithium was bombarded with swift protons, two a-particles 
resulted: 

sLP + 2He< + sHe^ 

and these two particles were found to go off in opposite directions. 

(b) When lithium was bombarded with deUterons two reactions oc¬ 
curred, since ordinary lithium is a mixture of two isotopes having 
masses 6 and 7. Two a-particles were formed from the Li® 
nuclei, but the Lff gave up a neutron ow* (p. 86) in addition to the 
a-particles: 

aLi® -|- iH* —> aHc® -b aHc® 
aLff-b iH2-»2 2He^ + on'. 

Neutrons and Positive Electrons (Positrons) 

Neutrons, as we have indicated before, are particles having no 
charge but a mass practically the same as that of protons. The 
neutron escaped detection for a long time because it is not de¬ 
flected by electric or magnetic fields and, furthermore, it does not 
leave a track in a cloud chamber. In experiments by Bothe and 
Becker (1930) a very penetrating radiation appeared when boron 
or beryllium was bombarded with a-rays. Since this radiation 
was not influenced by electric and magnetic fields, they concluded 
that it was of the nature of 7 - or X-rays. Then F. Joliot and 
Mme. Curie-Joliot found that the radiation would eject protons 
when allowed to fall on material containing hydrogen (e.gr., 
paraffin). These two experimenters also thought that the radia¬ 
tion was of the 7 -ray type. It remained finally for Chadwick to 
show conclusively that it actually was made up of very penetrat¬ 
ing particles with a mass equal to that of protons but with zero 
charge. The equation representing the transformation is: 

4 Be» -b 2 He' ^ -b on\ 

The neutron has since then played an important part in subatomic 
research and is now recognized as one of the building stones in 
nuclei, the other being the proton. Together they are used in the 
proton-neutron scheme of nuclear composition (p. 104). 

The positron or positive electron was discovered in 1932 by 
C. D. Anderson while working with cosmic rays. The latter enter 
the Earth’s atmosphere from without, and their true nature is 
still in doubt. Anderson was photographing some cosmic rays in a 
Wilson cloud chamber when he found tracks indicating positive 
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as well as negative electrons. The sign of the charge on the elec¬ 
tron was determined by the direction as well as the curvature of 
the path which the particle took through his chamber when under 
the influence of a magnetic field. The positive electrons were called 
positrons, and it has since been shown that they are of very infre¬ 
quent occurrence amongst nuclear emissions. Their lifetime is 
very short, due possibly to the fact that they readily combine 
with negative electrons which, as we have seen, occur quite com¬ 
monly. As a result of this (iombination a y-ray is produced! At 
first it might seem remarkable that two particles can combine to 
give a wave motion (photon or y-ray) and thus have the mass of the 
two electrons disappear. This matter receives some clarification 
if we recall the mass-energy principle * enunciated by Einstein, 
to the effect that mass is a potential form of energy which, under 
certain (conditions, may be converted into other forms such as 
energy of radiation or which may be produced from other forms. 
As a matter of fact, it is now possible to show experimentally that 
a y-ray, under appropriate conditions, will change into a positive 
and negative electron, a process which has been termed “pair 
production.” 

Artificial or Induced Radioactivity 

Early in 1934 F. Joliot and Mme. Curic-Joliot produced by 
artificial disintegration a nucleus which was unstable in the same 
sense as radium. This marked the discovery of artificially induced 
radioactivity. After bombarding aluminium with a-rays for several 
minutes and then removing the source of the rays, they found 
that the exposed aluminium itself behaved just like a radioactive 
substance having a half-life period of 2.5 minutes. The particles 
emitted from the metal were found to be positrons. The complete 
transformation may be represented by two equations: 

isAP’ -f- 2He^ 16?^“ -1- on' 

15P='» i4Si=>« -f- ie+. 

The a-particles striking the aluminium nuclei produce a new ele¬ 
ment, radio-phosphorus, which is radioactive. It gives off a posi¬ 
tive electron and goes down one unit in atomic number, thus 
becoming silicon which is stable. 

^ According to this theory the equivalence of mass and energy is expressed by: energy 
« where the energy on the left-hand side can be in the form of wave motion (7-ray 
energy), ni mass, and c »* velocity of light. 
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In the early work along this line, a-particles were used as pro¬ 
jectiles; they entered the nuclei of other atoms and thus produced 
radioactivity. It has since been found that neutrons (especially 
slow ones) serve much better as particTes with which to bombard 
nuclei and make them radioactive. Fermi and his co-workers at 
the University of Rome were able to show that radioactivity may 
be induced in this way into nearly every element in the Periodic 
Table. The half-life periods, and therefore the degree of activity, 
vary considerably from one element to the next. A few examples 
will suffice: 

(a) ^ nNa^'^ + 7 -ray 

„Na2^ -> i2Mg24 + 

Radio-sodium (nNa^^) has a half life of 14.8 hrs. 

(?>) i2Mg^® + —> ioNe“^ -f- 2He^ 

K)Ne2^ -> iiNa23 + _ie". 

Radio-neon (loNe^^) has a half life of 33 seconds and reverts to 

iiNa^’^ which is stable. 

(c) 3aZn«4 + ^,,1 3^2n63 + 

29Cu«*' + i€+. 

Radio-zinc (soZn^'O has a half life of 37 minutes. 

Some of the artificial radioactive substances have been pro¬ 
duced with activities rivalling those of the natural ones such as 
radium. It is quite conceivable that in the near future the former 
will be introduced into medical work, since they offer a much 
larger variety of intensities and decay periods than do the natu¬ 
rally radioactive elements. Already, chemists and biologists have 
made much use of the artificially created radioactive elements as 
^Tracers’^ in the study of complex reactions. A radioactive atom 
is a tagged atom, and the part it plays in complex changes may be 
followed by physical means, e,g,, by the appropriate use of an 
electroscope. 

EXERCISES 

1. How might one proceed to make nuclear particles having the same charge 
and mass as an a-particle? 

2. What might possibly be the constitution of a neutron? 

3. Discuss the statement often made in newspapers that atomic energy may 
some day be used to propel a ship across the ocean. 
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4. Explain why measurements on radioactive rocks enable scientists to form 
an estimate of the age of the Earth. 

5. What property of atoms is common to Radium A, Radium C', and Ra¬ 
dium F; and in what respect do they differ? (Refer to table showing radioactive 
series.) 

6. Write a definition for the term “radioactivity.’’ 

ESSAY TOPICS 

The life and work of Madame Curie 
The nature of the radiations from radioactive substances 
Radioactivity and the structure of the nucleus 
Induced or artificial radioactivity 
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Chapter XXXV 


The Nature of Scientific Reasoning 


Our survey of physical science has covered a large number of 
topics from the fields of astronomy, chemistry, geology, mathe¬ 
matics, and physics; and we have seen how knowledge of one field 
is useful in another. Actually, this survey has merely pointed out 
some of the high spots in the available knowledge of the physical 
world. To pursue all of the topics studied, in all of their details, 
would require many years of study and would lead one into many 
other fields of human knowledge. With a background, then, which 
is admittedly limited in the sense of quantity, it may still be of 
value to examine the knowledge we have accumulated from the 
viewpoint of quality; in other words, how accurate is all the knowl¬ 
edge we posse.ss? Upon what incontrovertible facts is it based? 
Is any fact incontrovertible? What, even, is a fact? Educated 
people consider physical science, especially physics and, even more 
so, mathematics, to be an exact science. The conclusions of phys¬ 
ical science are accepted by these people as being more correct 
than those of any other field of knowledge. If this is so, it is im¬ 
portant to know just how correct these conclusions are. We often 
hear that Einstein’s theory of relativity has replaced Newtonian 
mechanics; even so seemingly satisfactory an explanation of the 
structure and behavior of the atom as that of Bohr has been re¬ 
placed by the quantum theory. If physical science is exact, then 
why can a physical theory which was acceptable in the past be 
replaced by a new theory? To answer the questions that we have 
proposed we shall have to investigate some of the foundations of 
our knowledge of science. By seeking the basis of our understand¬ 
ing in the most exact fields of knowledge we will obtain a standard 
of comparison to serve in measuring the accuracy of knowledge in 
any other field. 
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Scientific knowledge is accumulated by observation, then classi¬ 
fied, and finally stated in general form by means of reasoning 
pro(*esses. To tell anyone what we have observed involves the use 
of words. In order that these words may have the same meaning 
for all people, they have to be defined clearly and unambiguously. 
The laws obtained from our observations are also stated in words, 
so again the need for clear and unambiguous definition is appar¬ 
ent. Further, these laws are obtained by processes of reasoning; 
so, if they are to be correct, we must determine what correct rea¬ 
soning is and upon what it is based. Thus in order to get at the 
roots of our scientific knowledge, we must investigate three things: 
(1) observation, (2) definition of words, and (3) the nature of the 
reasoning process. 

The Role of Observation 

In Chapter I we considered the methods of observation and the 
handicaps that our senses impose on our observation of natural 
phenomena even when we are impersonal in the matter. Another 
diffi(*ulty whi(*h arises in observation is the inaccuracy of units of 
measurement. For^xample, a meter stick changes in length with 
the temperature, and all meter sticks do not vary by the same 
amount because of differences in the materials of which they are 
made. Even if the unit were accurate, the measurement of a quan¬ 
tity would be inaccurate, for measurement always involves a 
reading of a scale, and this brings with it the estimation of frac¬ 
tional parts of the intervals on the scale. A further and more sub¬ 
tle difficulty that arises in observation is that the process of ob¬ 
servation may change the character of the thing being observed. 
This is familiar in the behavior of children and of pets who 
^^show off’^ when they are watched. We also encounter it when a 
neryous person has his blood pressure taken. The taking of the 
pressure causes him to worry that it will be too high, and the worry 
causes the pressure to rise. 

In order to correct as many errors of observation as possible, the 
scientist accepts as true only‘those observations which satisfy the 
conditions pointed out in Chapter I, namely, that (1) the observa¬ 
tion shall be made a large number of times and the average of these 
results shall be taken, (2) the observation can be verified by any¬ 
one who has the opportunity, the technical skill, and the ap¬ 
paratus necessary to make it. 
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The R6le of Definition 

We have already pointed out the importance of defining the 
terms used in science. Now just how can we define these terms, 
and what is a good definition of a term? We have become familiar 
with many scientific terms just as we have learned to know what 
such a thing as a dog is. When we were very small we saw a furry 
four-legged animal, and some one said, “That’s a dog.” Later we 
saw another furry four-legged animal, and some one said, “That’s 
a cat.” By seeing many dogs and many cats and noticing the 
differences in their behavior, we eventually learned to distinguish 
a dog from a cat. This type of learning occurs so early in life that 
we have no recollection of having been .subjected to it. The dic¬ 
tionary’s definition of a dog, “a domesticated carnivorous mam¬ 
mal, remarkable for its intelligence and its attachment to man,” 
would not mean very much to a young child. As children, we all 
learn to recognize many things by having them pointed out to us. 
Thus, one method of defining a thing is to point it out and name it. 
This type of definition is a naming of a certain object or idea. It is 
exactly the same as when you whisper to your friend, “Do you see 
that fellow over at the (corner table with his^ack to the wall? 
Well, that’s Jim Smith.” This method of definition works well 
enough when the number of objects that have to be pointed out is 
few, but even in the (tase of the word dog, it ceases to suffice. For, 
consider a child that has seen nothing but pomeranians. His idea 
of a dog would include the fact that it is small. If he saw a collie, 
he certainly would not recognize it as a dog. Of course to overcome 
this we could show the child all kinds of dogs, and this would force 
us to show him all dogs for no two dogs could be exactly alike. 
Consider now how one would fare by trying to define matter this 
way. Dogs certainly are matter and all other physical objects are 
matter; so, to define matter by showing one all objects which we 
call matter is impossible—we can’t even show one all dogs. We 
see then that this method of definition by enumeration will not 
suflace to define matter or even dog. Is there another method of 
definition that we can employ? 

Perhaps you have felt that after having seen many dogs it is 
unnecessary to really see all dogs in order to distinguish a dog from 
other things. Somehow, after seeing many dogs, we get a concept 
of “doggishness”—something vague that we associate with all 
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dogs and with nothing else, something that is characteristic of dogs 
and of nothing else. This characteristic or intrinsic property then 
serves to distinguish dogs from other things. 

Thus the definition of an object can be achieved by enumeration 
where there are a definite number of things to be defined, or by 
means of an intrinsic property of the object. Now, if we wish to 
define all the terms used in science, we cannot rely on enumeration 
alone, for we saw that fail in the previous paragraph in the case of 
the definition of matter. Likewise we cannot rely alone on defini¬ 
tion by means of an intrinsic property, for we may not be able to 
state the intrinsic property which a particular entity possesses and 
which no other entity po.ssesses. Hence we are forced to define one 
word in terms of others, just as speed was defined in terms of dis¬ 
tance and time. If we are to understand the word that is being 
defined, it must be defined in terms of words we already know, 
that is, in terms of simpler words. Suppose we start to define all 
the terms which are used in science. In this collection of terms 
there is one which must be defined first, but if an attempt is made, 
there are no words known in terms of which we can define it. If 
we have a few words to start with, we can define new ones in terms 
of these original words. But the original words themselves cannot 
be defined for we cannot define them in terms of words which are 
defined by means of them. If we did this, we would be working in 
a circle. This is well illustrated by an attempt at a definition of 
matter. For example, we find: “Matter is that which has inertia.” 
“Inertia is the resistance offered by matter to change of motion.” 
Here matter is defined in terms of inertia, and inertia in terms of 
matter, and we have not defined either matter or inertia. In order 
to avoid this circularity it is necessary to start with certain terms 
which are undefined; in science some of the undefined terms are: 
matter, distance, time, particle, number, and point. With these 
undefined terms we can define inertia in terms of matter and mo¬ 
tion as above. 

The Role of Assumptions 

If we are to derive new scientific laws, we must start with some 
fundamental statements as the basis of our reasoning. One might be 
inclined to say that mere observation, or observation and induc¬ 
tion, do not depend on any more fundamental statements. How¬ 
ever, we have already pointed out the difficulties inherent in ob- 
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servation; and we can see that observation depends on at least the 
assumption that our observation has no unknown effects on the 
thing observed. Further, induction, based on observation, de¬ 
pends on the assumption that nature is uniform in her actions; 
that is, if a certain phenomenon is observed now under certain 
conditions, the results of the observation of this phenomenon will 
always be the same under the same conditions. Deduction is 
clearly based on assumptions: the very laws which are used as 
premises in the deduction may be mere assumptions with no 
apparent relation to observation. Further, the laws of logic which 
decide whether a form of deductive reasoning is valid or not are 
based on assumptions. 

Among scientists who have investigated the foundations of 
science might be mentioned Henri Poincar6, Bertrand Russell, 
Alfred North Wliitehead, and Percy W. Bridgman, and while we 
shall not push deeply into their work in this extremely important 
field of knowledge, we shall give some examples of fundamental 
laws which occupy a position in science similar to the position that 
the axioms of algebra and geometry occupy in mathematics. 
Whether it is possible to find a set of fundamental laws from which 
all science can be derived is not yet known. 

One example of a set of fundamental laws is found in Dalton’s 
atomic theory (p. 287), which lays the foundation for certain 
branches of chemistry: 

1. All matter is made up of indivisible, invisible particles called atoms. 

2. The atoms of each elementary substance all have the same mass, 
which is different from element to element and is not affected by 
the state of combination in which the atom is found. 

3. Compound substances are formed by the union of definite numbers 
of individual atoms, always as wholes, to form molecules of the 
compound substance. 

Having accepted this set of laws, we can predict many things 
about the union of chemical substances. 

Another set of fundamental laws is found in Newton’s laws of 
motion (p. 121): 

1. Any object persists in its state of rest or of uniform motion in a 
straight line unless acted upon by some external force. 

2. The measure of a force which has acted on an object to alter the 
state of its motion is the product of the object’s mass by the acceler¬ 
ation produced. 

3. For every force there is an equal and opposite force. 
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We are quite familiar with the many conclusions that can be 
obtained from Newton's laws in the science of mechanics. 

After examining these two sets of fundamental laws, one notices 
that a fundamental law does not differ from any other scientific 
law, for both scientific laws and the fundamental laws of science 
are stated as the result of induction based on many observations. 
The distinctions between the laws that are used as fundamental 
laws and those which are not are: (1) the fundamental laws are 
simple laws from which more complex laws can be derived, and 
(2) since the fundamental laws are the laws with which we start, 
they cannot be derived deductively from other laws but can only 
be obtained by induction from observation. Laws which are not 
used as fundamental laws can be derived deductively from the 
fundamental laws of the science in which they occur as well as 
inductively from observation. 

The two sets of fundamental laws noted above are not the most 
basic that can be stated for science, just as the axioms stated in 
high school geometry books are not the most basic set possible in 
mathematics. One of the directions taken by scientific research is 
toward the foundations of science: the search for a simple and brief 
set of basic laws, from which all the laws of all science can be 
derived. In mathematics this effort has been quite successful; 
however, there are stumbling blocks in the unifying of our knowl¬ 
edge of gravitation, magnetism, chemistry, geology, etc., which 
make the search for the basic laws of nature quite difficult. Many 
well-known scientists have worked in this direction. The Bohr 
theory of the atom was a partial step. Planck, Einstein, De Brog¬ 
lie, Heisenberg, and Schrodinger have also done much toward the 
finding of the basic laws of science. 

Scientific Reasoning 

Now that we have investigated the foundations upon which 
scientific reasoning is based, it is desirable to summarize our 
thoughts along these lines. We have seen that scientific laws are 
obtained by means of the scientific method, that many unavoid¬ 
able and unknown errors may be involved in our observations, 
and that any form of reasoning is necessarily based on assump¬ 
tions, and on undefined terms. Among the things that make phys¬ 
ical science exact is the recognition of the structure of our knowl¬ 
edge and the acknowledgment that all knowledge is fundamentally 
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based on observation and unprovable assumptions. When one 
hypothesis or theory is discarded and a new one is substituted, 
then excitable people rant about a revolution in physical science. 
There is, however, no need for grave concern for the trend of 
knowledge is*always in two directions: (1) extending the field of 
known facts, (2) strengthening the foundations upon which our 
knowledge is built. When the foundations are being changed, the 
building erected upon them trembles; but when the foundations 
have been strengthened, the building itself is stronger. 

Our knowledge of the physical world comes to us as observa¬ 
tions made by our senses. We form conclusions, often by induc¬ 
tion. These conclusions permit us to find other laws, often by 
deduction. The latter are then tested by observation. The more 
conclusions we obtain which can be verified by observation, the 
more certain we feel that our original observations and reasoning 
have been correct. Reasoning enables us to link together the vari¬ 
ous observations and conclusions and weave a consistent pattern 
of scientific knowledge. 

The conclusions of science, being based on observation and 
reasoning, can be no more accurate than the observations made 
or the reasoning used. Hence, science is just as exact, no more and 
no less, as the accuracy with which we can observe and the com¬ 
petence with which we can reason. The experimental scientist is 
continuously improving the technique of observation; the theo¬ 
retical scientist and the mathematician are continuously enlarging 
our ability to reason. The merger of these two efforts is constantly 
going on, each group of scientists pointing out new information 
and new roads of investigation for the other group. 

EXERCISES 

1. What difficulties arise in observation of any natural phenomenon? Give 
an example of each. 

2. What difficulties arise in definition by enumeration? By means of an in¬ 
trinsic characteristic? 

3. Why are undefined terms necessary? 

4. What is a fundamental law? 

5. State the assumption of the uniformity of nature. Is this assumption 
necessary in science? Explain. 

6. Give an example of a set of fundamental laws of science other than those 
given in this chapter. 

7. Describe the scientific method (see also Chapter I). 
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8. In what two directions does knowledge trend? Give an example of scien¬ 
tific knowledge to illustrate each. 

9. Upon what are the conclusions of science based? 

10. How exact is scientific knowledge? Can any knowledge be more exact? 
Explain. 
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Index' 


Acceleration, uniform, 111 
Acetic acid, 426 
Acetylene series, 417 
Acid anhydrides, 335 
Acidic oxides, 334 
Acids and bases, 329 
Acoustics, architectural, 530 
Activity series of metals, 304 
Air circulation, 225 
Air columns, vibrations of, 518 
Air conditioning, 234 
Air, liquefaction, 202 
Air-mass analysis, 232 
Allotropism of carbon, 414 
Alloys, 373-378 

freezing points for lead-tin, 377 
Alluvial fans, 257 
Alpha rays, 597, 598, 600 
Alternating currents, 588, 593 
Ammonia, oxidation, 405 
properties, 397, 407 
synthesis, 347, 408 
Ampere, 562, 572 
Ampere's rule, 582 
Anticlines, 470 
Anticyclones, 230 
Aridity, 259 

Assumptions, r61e in reasoning, 620 
Astigmatism, 554 
Astronomical distance, 57 
telescope, 54 
Atmosphere, 219 
composition, 220 
movements, 225 
pressure, 221 
temperature, 220 
Atom, components, 104 
energy states, 101 
nature of, 93 
nuclear, 96 

Atomic number, 100, 355 
and X-ray spectra, 358 
Atomic structure, chemical activity and, 
365 

valence and, 360 

Atomic theory, Bohr's, 100 ^ 

Dalton's, 93, 287, 621 


Atomic weights, gram-, 94 
mass spectrographic, 290 
relative, 289 

Badlands, 264 
Barometers, 168-170 
Basalt, 443 
Base level, 254 
Bases, 331 
Basic oxides, 334 
Batholith, 439 
Battery, dry, 576 
storage, 577 
Benzene, 419 
Beta rays, 597, 602 
Blast furnace, 380 
Bohr theory, 360, 365 
Boiling point, 207 
Buoyancy, 165 

Calorie, 153 
Camera, 551 
Candlepower, 535 
Carbohydrates, 423, 427 
Carbon, 414 
compounds, 413 
in nature, 421 
oxides, 415 
Catalysts, 301 
Celestial meridian, 32 
Cells, Daniell, 574 
dry, 576 
electric, 573 
storage, 577 
Cellulose, 424 
Cement, portland, 395 
Cepheid variables, 58 
Change of states gas-liquid, 199 
liquid-solid, 208 
solid-gas, 215 
Charge, electric, 72 
electrostatic unit, 75 
practical applications of, 87 
Chemical changes, 280 
equations, 291 
formulas, 291 
symbolism, 291 


^ Note that laws such as Newton’s law are generally listed under “Law.” 
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Cirques, 269 
Clarinet, 521 
Climate, 219 
Clouds, 223 
Coal tar, 419 
Coastal plain, 240 
Colloidal suspensions, 325 
Combustion, 305 
spontaneous, 307 
Comets, 42 
Compounds, 94, 283 
Concrete, 395 
Conductors, electrical, 73 
Conglomerate, 462 
Continental drift, 486 
Cosmology, 53 
Coulomb, 562, 572 
Crevasses, 268 
Crystallinity, 210 
Cyclones, 230 
Cyclotron, 610 

Decomposition of rocks, 455 
Definitions, role in reasoning, 619 
Deltas, 257 
Deuterium, 311 
Dew point, 223 
Diastrophism, 469, 489 
causes, 483 
Dikes, 437 
Dip, 471 

Disintegration of rocks, 457 
Doppler effect, 509, 528 
Drumlins, 272 
“Dry Ice,” 216 
Dyne, 74, 121 

Ear, human, 522 
Earth, 28 

early history of the, 69 
numerical data on the, 51 
place of in universe, 24 
structure of the, 66 
surface waters of the, 236 
the changing, 238 
Earthquakes, causes, 477 
Eclipses, 47, 48 
Efficiency of a machine, 140 
Electric bell, 584 
Electric currents, 560 
chemical effect, 569 
heating effect, 568 
magnetic effect, 582 
unit, 562 

Electrolysis, laws, 570 
of brine, 393 
of water, 308 
Electrolytes, 329 


Electromagnets, 583 
Electron, 81 
charge, 85, 86 
mass, 86 
positive, 613 

ratio of charge to mass, 82 
Electroscope, 75- 
Elements, 282 
transmutation, 597 
Endothermic reaction, 306 
Energy, 131 

conservation, 143, 157 
kinetic, 142 
potential, 141 
transformation, 157 
Equation for an ellipse, 188 
exponential curve, 188 
hyjKirbola, 187 
parabola, 187 
straight line, 186 

Equations, criticism of empirical, 193 
empirical, 189 

physical restrictions on, 194 
prediction by empirical, 192 
Equilibrant, 129 
Equilibrium, chemical, 338 
constant, 342 

effect of concentration, 348 
effect of pressure, 347 
effect of temperature, 344 
in all branches of science, 337, 350 
of forces on a body, 136 
of fi)rce8 on a particle, 128 
shift, 343 
Equinox, 35 
Erg, 132 

Erosion, differential, 246 
glacial, 268 
lateral, 250 
river, 245 
soil, 262 

Ethyl alcohol, 425 
Ethylene series, 417 
Eutectic, 377 
Exothermic reaction, 306 
Explosives, 405 
Eye, human, 552 

Falling bodies, 116 
Faraday, 572 
Farsightedness, 554 
Fats, 426 
Faults, 473-476 
Fertilizers, 403 
Field, earth^s magnetic, 80 
electric and magnetic, 78 
strength, 79 
Flood plain, 253 
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Flood plain, scrolls, 252 
Floods, 244 
Flotation, 379 

Fluids, laws of pressure, 163-164 
physical behavior, 161 
physical properties, 161 
pressure, 162 
Flute, 520 

Fluvioglacial deposits, 273 
Fogs, 223 
Folds, 470 
erosion, 472 
Foliation, 482 

Foods, daily requirement, 427 
Foot-poundal, 132 
Force, lines of, 79 
measurement, 121 
moment of, 135 

Newton’s laws of motion afid, 120 
Forces, equilibrium of, 128, 136 
Fossils, 465 
Fractures, rock, 473 
Freezing point, 209 

Functions, methods of representing, 
182 

the concept of, 180 
Fusion, heat of, 209 

Galaxy, 60 

Gamma rays, 598, 604 
Gaseous state, 197 
Gases, characteristic properties, 199 
liquefaction, 202 
Gasoline, 417 

Generators, alternating current, 588 
commercial, 590 
direct current, 589 
electrostatic, 609 
principle, 587 
Geologic change, 488 
eras, 494-497 
revolutions, 493 
time, 489 
time scale, 491 
Glaciation, 264 
causes of, 276 
multiple, 275 
results of, 277 
Glaciers, continental, 270 
deposits, 271 
transportation by, 267 
valley, 266 
Glass, 391 

Globular clusters, 59 
Gradation, 488 
Granite, 443 
Gravitation, 37 
Gun cotton, 405 


Hail, 224 

Half-life period, 608 
Hardness scale, 373 
Heat, 146-150 
kinetic theory, 147 
measurement, 152 
mechanical equivalent, 155 
specific, 153 
Heat capacity, 150, 153 
Heavy chemicals, 397 
Homologous series, 416 
Hormones, 433 
Horsepower, 133, 569 
Humidity, 222 
relative, 208 
Huygen’s principle, 504 
Hydrates, 327 
Hydraulics press, 104 
Hydrocarbons, aliphatic, 416 
aromatic, 419 
derivatives, 420 

Hydrochloric acid, preparation, 406 
pro{)erties, 397, 406 
uses, 407 

Hydrogen, ionization, 96 

properties and preparation, 308 
Hydrostatics, laws of, 163 
Hypothesis, in science, 3 

Ice, 265 

Igneous rocks, 437 
minerals of, 441 
Illumination, intensity, 534 
Inclined plane, 138 
Indicators, 330 
Induced currents, 584 
Induction, 6 
Inertia, 36, 122 
Insulators, 73 
Interference, 506 
Isobars, 222 
Isostasy, 484 
Isotherms, 221 
Isotopes, 104 

of hydrogen and oxygen, 311 
of light elements, 106 

Joints, 439, 447, 473 
Joule, 132, 157 
Joule-Thomson effect, 202 

Kilogram, 12 
Kinetic theory, 148 
gas laws and, 176 

Lakes, 249 
pro-glacial, 273 
Latitude, 29 



INDEX 


636 

Lattice theory of solids, 211 
Law, Archimedes ^ 164 
Avogadro^s, 177 
Boyle's, 171, 176 
Charles’, 172-174, 176 
chemical change, 281 
conservation of mass, 284 
constant composition, 285 
Coulomb's, 74, 77 
Faraday's, 570 
inverse squares, 535 
Kepler's, 30 
Le Chatelier’s, 344 
Lenz's, 585 

molecular concentrations, 302 
multiple proportions, 286 
Newton’s, 37, 121-122, 621 
Ohm's, 5^ 
organic growth, 188 
Pascal’s, 164 
Periodic, 354 
scientific, 4, 16, 146, 180 
Laws, discovering scientific, 180 
Le Chatelier’s principle, 344 
Lenses, 547 
Levees, 253 
Levers, 134, 137 
Light, nature of, 533 
reflection, 539 
refraction, 543 
strength of source, 534 
velocity, 536-538 
Lightning, 79 
Light year, 28 
Lime, 393 

Limestone, 393, 464 
caves, 324 
Liquid state, 197 
Liquids, characteristic properties, 
203 

thermal expansion, 204 
vapor pressure, 205 
Longitude, 29 

Machines, 134 
Magma, 444, 452 
Magnetic poles, 75 
flux, 585 
Magnets, 74 
Magnification, 550 
Magnifying glass, 551 
Manometers, 169 
Mass spectrograph, 106 
Matter, electrical nature, 72 
molecular view, 217 
states, 197 
Meanders, 251, 253 
Mean solar day, 12 


Mechanical advantage, inclined plane, 
139 

lever, 135 
pulley, 138 
Meson, 86 

Metallurgical processes, 378-385 
Metallurgy, aluminium, 382 
iron, 3^ 

Metals, electron theory, 369 
physical characteristics, 368-373 
Metamorphic rocks, 482 
Metamorphism, contact, 481 
dynamothermal, 480 
Meteors, 42 
Meter, 12 

Methane series, 416 
Metric system, 12 
Microscope, compound, 554 
Minerals and rocks, 440 
Mirrors, plane, 540 
spherical, 540 
Mixtures, 282 
Models, scientific, 5 
Moment of a force, 135 
Moon, 44 
numerical data, 51 
phases, 47 
Moraines, 267, 272 
Mortar, 394 
Motion and force, 108 
Motion, uniformly accelerated straight 
line, 113 

Motors, principle of, 592 
Musical intervals, 525 
scales, 526 

Nebula, 61 
Neutralization, 331 
Neutron, 104, 613 
numerical data, 86 

Newton’s laws of motion, 121-122, 621 
Nitric acid, preparation, 404, 405 
properties, 397, 404 
uses, 405 

Normal temperature and pressure 
(NTP), 175 

Nucleus, disintegration, 610 
structure, 102 
Nylon, 434 

Oboe, 521 

Observation, scientific, 3, 4, 618 

Ocean, 237 

Oils and fats, 426 

Ore, mining and concentrating, 379 
Organ, 520 
Outwash plain, 273 
Ox-bow l^e, 251, 253 
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Oxidation and reduction, 305 
Oxygen, laboratory preparation, 299 
physical properties, 298 

Parallel circuits, 567 
Peneplane, 255 
Periodic classification, 353 
characteristics, 355 
Petroleum distillation, 417 
Photoelectric cell, 90 
Photoelectric effect, 90 
Photometry, 535 
Photosynthesis, 422 
Physical changes, 280 
Piano, 518 
Planets, 39 
table of, 26 
Positrons, 613 

numerical data, 86 
Potential difference, 563 
Poundal, 121 
Power, 132 
electrical, 569 

Pressure, measurement of gas, 167 
Pressure, normal, 221 
Pressure-temperature variation in gases, 
174 

Pressure-volume variation in gases, 
170 

Prism, 544 
Proportion, 17 
Proteins, 426 
Protium, 311 
Proton, 104 

numerical data, 86 
Pulleys, 137 

Quanta, 101, 558 
Quantum theory, 558 

Radioactive series, 606 
Radioactivity, artificial, 614 
natural, 604 
Radio tube, 89 
Rain, 224 

Rate of chemical reaction, effect of 
catalysts, 300, 340 
effect of concentration, 301, 341 
effect of pressure, 303 
effect of surface area, 303 
effect of temperature, 300, 340 
Reasoning, deductive, 7 
inductive, 6 
scientific, 3, 622 
valid and invalid, 8 
Reduction, 305 
electrochemical, 381 
Refining, electrol^ic, 383 


Reflection, 505 
total, 545 
Refraction, 505 
Refractive index, 544 
Refrigerators, oi)eration of, 201 
Relay, electric, 584 
Replacement reaction, 310 
Resistance, electrical, 563 
Resonators, 516 
River cycle, 246, 253 
River deposits, 257 
River erosion, 245 
differential, 246 
Rivers, graded, 250 
mature, 249 
old, 253 

uplift and rejuvenation, 256 
young, 247 

Rocks, crystallization, 446 
decomposition, 455 
differential weathering, 457 
disintegration, 457 
igneous, 437 
sedimentary, 461 
stratification, 461 
texture, 442 
Rubber, synthetic, 433 

Salt, common, 387 

products and users, 388 
Salts, 332 
Sandstones, 462 
Scalar quantity, 124 
Science, applied, 2 
definition, 1 
pure, 2 

Science and measurement, 11 
Scientific, method, 3 
notation, 14 
Seasons, 34 

Sedimentary rocks, 461, 464 
Seismograph, 68, 478 
Series circuits, 565 
Shale, 463 
Shore lines, 239 
Shortsightedness, 553 
Significant figures, 13 
Sills, 438 

Simple harmonic motion, 502 
Sky, 31 
Smelting, 379 
Soda ash, 389 
Soda, baking, 390 
caustic, 391 
washing, 391 
Sodium carbonate, 389 
Sodium hydroxide, 391 
Soil, 458 
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Soil types, 459 
Solar system, 25 
theories of origin, 63 
Solid state, 198 

Solids, characteristic properties, 210 
lattice theory, 211 
rigidity, 213 

thermal expansion, 204, 213 
Solstice, 35 
Solubility, 317 
Solutions, 317 
saturated, 317 
supersaturated, 318 
Solvay soda process, 389 
Sound, absorption, 531 
characteristics, 513 
Fourier analysis, 514 
intensity, 524 
loudness, 524 
nature of waves, 511 
production, 510, 512, 514 
velocity, 511 
Space, 61 
Spectroscope, 556 
Spectrum, 545, 556 
electromagnetic, 557 
Speed, average, 110 
constant, 108 
instantaneous, 110 
variable, 109 
Spinthariscope, 599 
Standard conditions, 175 
Star map, 34 
Starch, 424, 425 
Stars, 53 

size and mass, 59 
Streams, intermittent, 244 
permanent, 244 
String, fundamental of, 515 
instruments, 517, 518 
overtones, 515 
vibrations, 514 
Sublimation, heat of, 215 
Sugars, 424, 425 
Sulfanilamide, 432 
Sulfur mining, 400 
Sulfuric acid, ionization, 329 
preparation, 399-403 
properties, 397, 398 
uses, 398, 403 
Sun, 49 

numerical data, 51 
Synclines, 470 

Telephone, 584 

Telescope, astronomical, 54, 555 
terrestrial, 555 
Temperature, 148 


Temperature, critical, 199 
measurement, 152 
scales, 151 
Theory, scientific, 4 
Thermionic effect, 87 
^‘Thermit,’’ 381 
Thunderstorms, 229 
Tides, 47 
Till, 271 
Titration, 333 
Torque, 135 
Transformers, 593 
Transmutation, 597, 612 
Trigonometric functions, 125 
Truth, in science, 6, 8 

Units, customary, 11 
metric, 11, 12 
of measurement, 11 

Valence, 293 

and atomic structure, 360 
CO-, 295, 363 
electro-, 294, 361 
variable, 364 

Vaporization, heat of, 200 
Vapor pressure, 205 

Variables, dependent and independent, 
181 

Variation, direct, 16 
inverse, 18 
joint, 20 
Varves, 274 
Vector quantity, 123 
Vectors, composition of, 123 
resolution of, 127 
Velocity, 109, 110 
Violin, 517 
Vitamins, 427-431 
Voice, 521 
Volcanism, 489 
Volcanoes, 448 
Volt, 563 

Water, as a solvent, 316 
chemical properties, 327 
cycle in nature, 236 
-faUs, 248 
-gas, 415 
hardness in, 322 
heavy, 311 

physical properties, 314 
purification, 319 
rain and underground, 243 
salt, 242 
softening, 322 
-table, 243 
Watt, 132 
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Wave erosion, 241 
Wave front, 504 
Wave length, 499 
Wave motion, 498 
Waves, frequency, 500 
longitudinal, 500 
of oscillation, 241 
of translation, 241 
period, 500 
stationary, 507 
transverse, 499 
velocity, 503 
water, 240, 501 
Weather, 219 


Weathering, 454, 460 
Weather maps, 231 
Weight, 122 
Winds, 225 

planetary circulation, 227 
seasonal and local variations in, 228 
work of, 261 
Work, mechanical, 131 


X-ray spectra, 358 
tube, 88 

Zenith, 32 
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